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LASER TECHNOLOGIES FOR ATMOSPHERIC SENSING AT
THE SIBERIAN LIDAR STATION
Olga V. Kharchenko, Oleg A. Romanovskii, Vladimir D. Burlakov,
Serge I. Dolgii, Alexey V. Nevzorov
V.E. Zuev Institute of Atmospheric Optics of Siberian Branch of the Russian Academy of Sciences,
1, Academician Zuev square, Tomsk, 634021, Russia

Abstract
The Siberian Lidar Station (SLS) measurement complex of V.E. Zuev Institute of Atmospheric Optics,
Russian Academy of Sciences, is described. The SLS multichannel stationary lidar complex is
developed on the basis of different-type laser sources, generating in the wavelength range 266-1064
nm, and receiving telescopes on the basis of 2.2, 0.5, and 0.3-m diameter mirrors. The lidar station,
located in Tomsk, is the only place in the Asian part of the territory of Russia, where remote optical
sensing methods are used to perform a regular monitoring of such atmospheric parameters and
constituents as aerosol, temperature, clouds, ozone, and gas components of ozone cycles. Results
of long-term regular measurements are presented.
Key words: aerosol, ozone, remote sensing, lidar

1. INTRODUCTION
Aerosol and ozone are among most important constituents of the atmosphere, determining
to a considerable degree the radiation-temperature regime and chemical balance of the atmosphere.
The radiation-temperature effects, caused by the stratospheric aerosol (scattering of shortwave solar
radiation – albedo cooling effect and absorption of longwave thermal radiation of Earth – greenhouse
effect), depend to a large degree on the sizes of the aerosol particles. The particle surface area is a key
parameter, determining the efficiency of the heterogeneous chemical reactions on the surface
of the sulfur acid stratospheric aerosol. These and other microstructure characteristics can
be determined from data of the multi-frequency sensing of stratospheric aerosol (SA). For these
purposes we developed the Siberian Lidar Station.

2. THE SIBERIAN LIDAR STATION
A multifrequency and multichannel system of lidar and spectrophotometric facilities for atmospheric
sensing at the Siberian Lidar Station (SLS) (Zuev V.V., 2001, Burlakov V.D. et al., 2004), employing
laser sources with Stimulated Raman Scattering (SRS) gas cells and nonlinear frequency converters
operating in the spectral region of 266-1064 nm and receiving telescopes using mirrors 2.2, 0.5, and
0.3 m in diameter, allows different laser sensing methods to be applied to measure the stratospheric
aerosol layer (since 1986), the ozone concentration (since 1989), and temperature (since 1995)
in different altitude ranges from the troposphere to the mesosphere. Lidar measurements
of geometrical and optical characteristics of clouds, including sensing of high clouds (cirrus clouds)
through low cloudiness are carried out at a wavelength of 1064 nm at night and in the daytime. Passive
spectrophotometric methods are used to measure total column ozone, total content and vertical
distribution of nitrogen dioxide, which is one of the major components of the nitrogen cycle of ozone
depletion.
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In 1995 the Russian Ministry of Science issued the directive that the SLS was included in the List
of Unique Research and Experimental Systems of National Significance (its registration number is
01-64).
This paper presents the possibilities of the Siberian Lidar Station for remote sensing of stratospheric
aerosol and ozone.
Table 1 summarizes the main technical characteristics of laser sources and receiving elements
of the lidar complex.
Table 1. Technical characteristics of lidar complex
Measured characteristics

Lidar
parameters

Aerosol

Temperature

Ozone

Transmitter
Sensing
wavelength λ,
nm

511

532

355

683

1064

532

308 353

299 341

1

100

40

60

200

150

100 50

20

Repetition rate
(at λ), Hz

2500

15

15

15

15

20

50-200

15

Divergence,
mrad

~0.1

0.1

0.1-0.3

0.1-0.3

Sensing method

Elastic backscattering on aerosols
and molecules

Molecular
scattering

SRS
from
N2

Differential absorption and
scattering

Wavelength,
nm

511

532

355

683

1064

532

607

308 353

299 341

Diameter
o f mirror, m

2.2

0.3

0.3

0.3

2.2

2.2

0.5

0.5

Focal distance,
m

10

1

1

1

10

10

1.5

1.5

Pulse energy
(at λ), mJ

Receiver

2.2
0.3
10
1

3. THREE-FREQUENCY LIDAR FOR SENSING OF OPTICAL AND MICROPHYSICAL
CHARACTERISTICS OF STRATOSPHERIC AEROSOL
Regular sensing of the optical aerosol characteristics is carried out by the lidar, using three sensing
wavelengths 355, 532, and 683 nm, where 355 and 532 nm are respectively the third and second
harmonics of the main frequency of Nd:YAG laser radiation, 683 nm is the first Stokes component
of conversion of radiation at the wavelength of 532 nm on the basis of the effect of stimulated Raman
scattering in high-pressure hydrogen-filled cell.
To study the ozone dynamics in the tropopause region and, in particular, to investigate the processes
of stratosphere - troposphere exchange, we developed a lidar for measurements of ozone distribution
5
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in the upper troposphere – lower stratosphere. The sensing is performed using the method
of differential absorption and scattering at the pair of wavelengths 299/341 nm, respectively, which are
the first and second Stokes components of stimulated Raman shifting of the Nd:YAG fourth harmonic
(266 nm) in hydrogen. Using lidar with the receiving mirror 0.5 m in diameter, we performed
the ozone sensing in altitude range of 5-18 km.

355, 532, 683 nm

A-D

The block-diagram of lidar for three-frequency sensing of stratospheric aerosol is presented
in Figure 1.

HPS
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Fig. 1. Block-diagram of aerosol lidar. FD are field diaphragms ; CSS are cells for spectral selection
with PMT; Nd:YAG is the laser; Н2 is the Raman cell with hydrogen; AD are the amplifiersdiscriminators; HPS is high-power supply; PS is power supply; RM is the reflection mirror; L are
lenses; Bs are the beam splitters; IF are interference filters; PT is the phototransistor
We use the Nd:YAG laser, model LS-2132T-LBO, LOTIS TII firm, Minsk. The technical
characteristics of the lidar transmitter: pulse energy of radiation is 70 mJ at wavelength of 532 nm,
25 mJ at 355 nm, and 25 mJ at 683 nm; the pulse repetition rate is 20 Hz; the beam divergence is ~
0.8 mrad; hydrogen pressure in SRS cell is 12 atm and higher. Using the mirror RM, installed on the
automated adjustment unit, created on the basis of computer-driven stepper motors, the radiation
is directed to the atmosphere. The receiving telescope is developed according to Newtonian scheme,
on the basis of the main mirror with diameter of 0.3 m and focal distance of 1 m. The optical lidar
signal arrives at 3-wavelength cuvette of spectral selection (CSS) with Hamamatsu photomultipliers
(РМТs). Lidar signals are recorded in the photocurrent pulse counting mode. To cut off the powerful
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return from near sensing zone, a device of electronic control of PMT amplification coefficient is used,
allowing us to switch on the PMT into working regime starting from a certain sensing height.
We determined the regimes of SRS conversion, ensuring optimal relationship of energy parameters
at the three wavelengths. Figure 2 shows the dependence of the relative intensities at 355, 532, and
683 nm on the hydrogen pressure in SRS cell. From Figure 2 it is seen that, to obtain an optimal
relationship of the energy characteristics at the three wavelengths, the working hydrogen pressure
in SRS cell should be 12 atm and higher. The Raman cell is fabricated from (stainless steel) tube with
inner diameter of 3 cm and length of 1 m. The pumping power density, required to obtain the effect
of SRS conversion, is ensured by the lens L5 with the focal distance of 1 m, which is installed before
the SRS cell and focuses the radiation to the cell center. After the cell, the collimating lens L6
is installed confocal with the focusing lens.

I, rel. unit
550
525
500

683 nm
532 nm
355 nm

475
450
200
150
100
50
0
2

4

6

8
10
Pressure (atm)

12

14

Fig. 2. Dependence of the relative intensities of radiation at the wavelengths of 355, 532, and 683 nm
on the hydrogen pressure.
Figure 3.а presents an example of three-frequency sensing in the form of the measured profiles
of the scattering ratio R(H) (ratio of the sum of aerosol and molecular backscattering coefficients
to the latter). The R(H) profiles finely reflect the altitudinal SA stratification. The presented profiles
were measured on October 10, 2008, when in the stratosphere over Tomsk we still recorded the traces
of volcanic aerosol after a series of volcanic eruptions on Aleutian Islands: Okmok (53.4N, 168.1W)
and Kasatochi (52.2N, 175.5W), which occurred in July – August 2008. On the R(H) profiles,
a well-defined aerosol layer at height of about 16 km is seen.
Method of inversion of the spectral dependences of aerosol backscattering coefficients, measured
at the sensing wavelengths of 355, 532, and 683 nm, was used to determine different microphysical
parameters of SA (size distribution of particle geometric cross section, number concentration, mean
radius, particle surface area, etc.). Figure 3.b shows the altitude distribution of the total specific
particle volume V, and Figure 3.с presents the total geometric cross section S, retrieved from the data
of sensing on October 10, 2008.
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Fig. 3. (a) Vertical profiles of the scattering ratio at 355, 532, and 683 nm, (b) retrieved total volume,
and (c) total particle cross section.
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Fig. 4. Size distribution of particle cross sections, retrieved at different heights in the lower
stratosphere.
From the figures we see the increases of V and S values at heights of about 16 km, where the volcanic
aerosol layer was located.
Figure 4 shows the distribution of particle geometrical cross section over the sizes r (r is the particle
radius) at different altitudes for the background conditions of the state of the stratospheric aerosol
layer on February 4, 2008 and under conditions of volcanic perturbation of the stratosphere on October
10, 2008. We see that S(r) values increase at all considered heights under conditions of the volcanic
perturbation of the stratosphere in comparison with the background conditions of February 2008.
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4. DIFFERENTIAL ABSORPTION LIDAR FOR OZONE SENSING IN THE UPPER
TROPOSPHERE – LOWER STRATOSPHERE
Tropospheric measurements of ozone usually use excimer KrF laser (248 nm) or fourth harmonic
of Nd:YAG laser (266 nm) in combination with the technique of SRS conversion in H2, D2, СО2, and
other gases (Galani E. et al., 2003, Bucreev V.S. et al., 1996). H2 and D2 are most wide spread species. In
different altitude of the troposphere and lower stratosphere, different wavelength combinations
are used. For instance, the wavelength pairs 289/316 and 287/299 nm allow for the determination
of ozone profile up to the height of about 10 km (Galani E. et al, 2003); the pair 292/319 nm is usable
up to heights of 12-14 km (Bucreev V.S., 1996); and the pairs 277/313 and 292/313 nm are usable up to
heights of 8-12 and 15 km respectively (H. Eisele et al., 1999).
We made preliminary numerical estimates (Zuev V.V. et al., 2008) of the possibilities of sensing
the vertical ozone distribution (VOD) in the upper troposphere – lower stratosphere at the wavelength
pair 299/341 nm. The wavelength λon=299 nm falls within the region of ozone absorption band
with the absorption cross section σ299=4.4·10-19 cm2, which is a factor of three larger than
the absorption cross section at the wavelength of 308 nm, σ308=1.4·10-19 cm 2. The maximum sensing
height is determined primarily by the range of signal recording at λon, which is always less than
the range of signal recording at λoff, because of strong absorption by ozone. In this regard, λon=299 nm
is more preferable than 277 or 292 nm. The 299- and 341-nm wavelengths are realized in one sensing
beam (in one SRS cell), in contrast, e.g., to the 292/313-nm pair. Moreover, the system on the basis
of the SRS cell with hydrogen is cheaper than that using deuterium.
Figure 5 presents the block-diagram of the lidar. As the source of the laser radiation, we use the fourth
harmonic (266 nm) of the main frequency of radiation of the Nd:YAG laser, model LS-2134UT,
LOTIS TII firm, Minsk, with its subsequent conversion in hydrogen into first (299 nm) and second
(341 nm) Stokes components.
The receiving telescope is developed according to Newtonian scheme on the basis of the main mirror
with the diameter of 0.5 m and with the focal distance of 1.5 m. The recording channel of lidar uses
the HAMAMATSU photomultipliers (R7207-01) and amplifiers-discriminators (C3866). Recording
of lidar signals is performed in the photocurrent pulse counting mode. To maintain the linear regimes
of PMT operation, we used the mechanical obturator, which cuts off the powerful optical signal from
near sensing zone. The SRS cell is fabricated from (stainless steel) tube with the inner diameter
of 3 cm and length of 1 m. The entry and exit windows are fabricated from quartz КU. The energy
of the pumping pulse at the wavelength of 266 nm is 60 mJ. The pumping power density, required
to obtain the effect of SRS conversion, is ensured by the lens L1 with the focal distance of 1 m,
which is installed before the SRS cell and focuses the radiation to the cell center. After the cell,
the collimating lens L2 is installed, confocal with the focusing lens.The sensing radiation is output
with the exit rotated mirror RM, installed at the automated adjustment unit, developed on the basis
of computer-driven stepper motors.
We determined the efficiency of SRS conversion as a function of hydrogen pressure in the cell.
The hydrogen pressure in the cell was changed from 1 to 9 atm. The dependence of the relative
intensities at the wavelengths of 266, 299, and 341 nm on the hydrogen pressure, obtained at the SRS
cell output, is presented in Figure 6. At the hydrogen pressure of 2 atm, the intensities of the 299 and
341-nm lines become equal, providing the possibility of ozone sensing with equal energy
characteristics of radiation at these wavelengths. However, to increase the maximum sensing height,
it is more efficient to use the pressure of 1 atm, because in this case the energy characteristics
are redistributed in favor of the 299-nm line, which is stronger absorbed by ozone than the 341-nm
line.
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Fig. 5. Block-diagram of ozone lidar. 1 are the field diaphragms; 2 are the cells for the spectral
selection with PMT; 3 is the chopper; Nd:YAG is the laser; Н2 is Raman cell with hydrogen;
AD are amplifiers-discriminators; HPS is the high-power supply; RM is the reflection mirror; L1
and L2 are lenses.
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Fig. 6. Dependences of the relative intensity of radiation at 266, 299, and 341 nm on hydrogen
pressure
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Figures 7.а and 7.b present the shape of the lidar signals and the retrieved profile of ozone
concentration respectively. The signals were recorded in the photocurrent pulse counting mode using
25 000 shots (the accumulation time was ~ 30 min). The achieved maximum height of signal recording
at the wavelength of 299 nm was 17 km.

Increase of the accumulation time of the lidar signals will make it possible to increase the maximum sensing
height. The proposed method makes it possible to retrieve the ozone concentration profiles in the
altitude range 6-15 km (Figure 7.b). The retrieved profiles were compared with midlatitude model of
Krueger (Krueger A.J. et al., 1976). It should be noted that the measured profiles qualitatively coincide

with the model profile up to height 12 km. On separate observation days, the retrieved profiles diverge
from the model one, which is natural for ozone layer dynamics.
5. CONCLUSION
In contrast to most schemes of the multi-frequency sensing, using a few laser sources, the sensing
wavelengths of 355, 532, and 683 nm are realized in one coaxial beam from one laser source, which
makes the lidar system much cheaper and simplifies its operation in the regime of regular
measurements.
The results of the lidar measurements at the wavelengths of 299 and 341 nm agree with the model
estimates. At present, works are under way to optimize the optical and photoelectronic elements
of the recording system of lidar signals with the purpose of increasing the maximum sensing height
and improving the measurement accuracy. In conclusion, we can also note that, for ozone sensing
in the altitude region of 5-20 km, the lidar on the basis of Nd:YAG laser is more preferable than lidar
on the basis of excimer KrF laser, which is more costly, more difficult to use, and requires
exceptionally pure gases for the working mixture, frequent purification or replacement of the resonator
optics.
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Abstract
In this paper a method for regulating an alternating current voltage source with pair of IGBT
transistor’s modules, in a full bridge configuration with series resonant converter is given. With the
developed method a solution is obtained which can regulate the phase difference between output
voltage and current through the inductor, in order to maintain maximum output power. Control
electronic via feedback signals regulates the energy transfer to the tank by changing the pulse width of
signals which are used as inputs to the gates of the IGBTs. By increasing or decreasing the pulse
width transmitted to the various gates of the IGBT the energy transfer to the tank is increased or
decreased . PowerSim simulations program is used for development of controlling methodology.
Developed method is practically implemented in a prototype of the device for phase control of
resonant converter with variable the resonant load.
Key words: pulse width method, phase regulation , power converter.
1. INTRODUCTION
Power converter loaded by serial resonant load is very suitable for control of processes in which
output load changes dynamically. The process in the induction heating is one of them. In such
configuration maintaining maximum output power is an imperative [1], [7], [10]. In order to get the
maximum output energy, operating frequency of power supply must track the resonant frequency of
resonant tank. Commonly, the approach for regulation of the output power includes the control of duty
cycle and switching frequency, [2], [3]. The frequency control scheme is one of the most popular control
schemes. However, direct frequency control results in a number of disadvantages, including high
sensitivity near resonance, strong dependence on the resonant tank, and requirement for additional
control circuitry to detect operation below resonance in order to prevent non zero voltage switching
(ZVS) conditions. Another control method which is becoming more popular is the regulation of the
phase angle between the output voltage and the resonant inductor voltage or current, [3]. By regulating
the inductor current or voltage phase angle, the switching frequency is regulated and hence, the
operating point is controlled. Phase control provides advantages of self-tuning to the tank resonant
frequency (insensitive to component variations), reduced sensitivity for improved control near
resonance, and inherent protection against the operation below resonance to avoid non-ZVS
conditions. When it is operated above resonance, the resonant inductor dominates at the resonant tank
so the output impedance of the converter is inductive as presented in Fig. 1, and the inductor current
lags (and hence, the inductor voltage leads) the output voltage from 0° to 90° as the switching
frequency shifts away from resonance. The output power decreases as the phase angle varies from 0°
to 90°. Thus, it is possible to control the output power by directly controlling the phase angle between
the output voltage and inductor voltage or current. The switching frequency on this way is indirectly
controlled through phase control.
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By controlling the phase angle between the output voltage and the inductor current to be larger than 0,
the system will be forced to operate above resonance, resulting in ZVS operation for appropriately
designed resonant tanks. When the resonant frequency shifts due to variations of the tank elements and
load, the phase controller will self-tune to the resonant frequency and the operating point will not be
affected. Phase control can be performed by sensing either the inductor current or voltage. Current
sensing gives accurate results since the current is nearly sinusoidal, but requires a current transformer
(CT), which is not desired for some applications. The method of inductor voltage sensing results in
more significant phase error due to the larger harmonic components in the inductor voltage, since the
inductor is usually connected to the switching network.

Fig. 1. Input impedance for a typical resonant tank

2. CONTROL OF THE OUTPUT POWER
During the heating process, the load resistance and inductance vary hugely. This variations change the
resonant frequency of the resonant circuit since the load inductance and resistance are part of a
resonant tank, Fig. 2, [6]. The process in the induction heating is dynamical process and its dynamic
influences the resistance and inductance of the resonant tank.

Fig. 2. (a) Inductor, (b) L-R equivalent circuit

14

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
In the Fig. 3 is given full bridge converter witch is load with equivalent Le, Re parameters from
induction device. Parameters of the circuit are:
Rms value on the square wave Uout(t) in the case of power converter at no-load condition or loaded
with dominant resistance load is given with equation (1), [9].

Uoutrms  Uidclink

k
2 n1

(1)

Where n is number of bits which are processing signals in control electronic, and k is the number of
n
the time intervals which equal to T 2 . Constant k obtains values from 1 to 2 n 1 .

Fig. 3. Full bridge converter with equivalent resonant circuit

The switching frequency f sw equal to resonant frequency f 0 of the resonant tank is calculated with
equation (2):

f sw 

1
2 Le C

(2)

IGBT transistors are used as main switching elements.
In the Fig. 3 at connection points 1 and 2 output load is connected. The signals from the control unit
over the driver circuit are controlling the gates of four transistors in the bridge. They are square pulses
whose width changes in order to obtain voltage with effective value and frequency specified by the
particular application on the output of the converter. The applications of the induction devices do not
require strict criterion in terms of sinus form of the output voltage from the converter. So for such
applications output voltage can deviate from the ideal sinus wave. The wave forms of the pulse signals
on the gates of IGBT transistor and the output voltage is present Fig. 4.
The selected values of the components, DC link voltage and the output converter power for resonant
frequency of 6 kHz are given in Table 1.
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Table 1. Values of the parameters of the converter
values of components
Uidclink
(V)

Poutmax
(W)

75

9000

Re
(Ω)

Le
(μH)

0.468

8.6

C
(μF)
13

Fig. 4. The wave forms of the pulse signals on the gates of IGBT and the output voltage
In Fig. 5. is presented simulation circuit for the full bridge converter with the series resonant circuit for
above given values of the parameters , [4] .
In Fig. 6 are given wave forms of the output voltage for k  1 , n  4 bits and the time interval
T 2 4  T 16 , also the output voltage and current for k  2 n 1 , n  4 bits which are obtained from
simulation of the circuit from Fig. 3 in the PowerSim program, [4]. From the Fig. 5 it can be concluded,
that when circuit operates close to the resonant frequency output inductor current lags behind output
voltage for phase angle ∆φ.
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Fig. 5. Simulation circuit for the full bridge converter with the series resonant circuit

n Table 2 are given results of simulation of full bridge power converter when it operates with the
series resonant load.
The results from Figs. 4, 5 and Table 2 show that the change on the pulse width on the gates for IGBT
change phase angle between current and voltage as well as the output power. So, the change of the
phase angle between the current and the output voltage of converter can regulate the output power of
the converter.
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Table 2. Values on the output power, current and phase difference in dependence of pulse width on
the gates of IGBTs

METHOD FOR PHASE CONTROL
The configuration of a full bridge series resonant converter with digital phase control by inductor
current sensing is shown in Fig. 7, [9], [10]. Analysis is made in case when processing of signals is
performed with n-bits and the controller determinates the value of binary signals at time intervals 2 n .
The period of the output signal of the converter will be synthesized into time interval 2 n and each
n
interval has duration of T 2 .
n
The microprocessor controls the synthesized voltage on the output of the converter for k T 2

intervals, where k obtains values from 1 to 2 n 1 .The wave forms in this closed loop system are
presented in Fig. 8, [4]. The method begins with determination of the period by detecting the inductor
zero current crossing, then computes the required time delays from the zero crossing in order to
determine when to turn on/off the upper and down transistor in the appropriate IGBT module and to
achieve the desired phase difference. Bellow is presented, the control equations for current sensing.

∆φ
Fig. 7. Digitally controlled serial resonant converter with inductor current sensing
18
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From Fig. 8, it can be derived:

Tdelay 

kT
kT
T
 t  n   
n
2
2
360

(3)

where ∆t is time difference between output voltage and inductor current. ∆φ is phase command and T
is a period. Tdelay is a control variable and it can be computed from the phase command and the
period. The methodology of phase control with sensing the inductor current is presented bellow in a
consequent manner:
1. Detect the zero-crossing of the inductor current using a
high-speed comparator.
2. Record T of the previous cycle, which is the time
interval between two zero-crossing points.
3. Compute Tdelay according (3).
4. Wait Tdelay .
5. Turn off G1 and G4 (Fig. 4).
6. Wait T1 

T
k
(1  n 1 )
2
2

7. Turn on G2 and G3 (Fig. 4).
8. Wait k
9.

T
2n

Turn off G2 and G3.

10. Wait T1 

T
k
(1  n 1 )
2
2

11. Turn on G1 and G3.
12. Wait for the next zero-crossing of the inductor current,
then repeat this cycle.

Taking into consideration equation (3), for  90   , general form of equation for current sensing
is derived as:

Tdelay i  

T i  1
4k   i 2 n
n 2
2





where “i” is current cycles, and 0   i   1 .
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∆t

Fig. 8. Output current and output voltage in the full bridge serial resonant converter

Fig. 9. State diagram of digital control algorithm by current sensing
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From (4) we can see that the switching period of the previous cycle is used for delaying the
computation of the current cycle.
The state diagram of the digital control algorithm is presented in the Fig. 9. The method can be easily
realized using standard digital logic and by implementing it in CMOS digital control IC or
programmable logic. It can also be implemented in a microcontroller or digital signal processor (DSP).

3. EXPERIMENTAL RESULTS
Based on research of digital phase control of resonant converter presented in this paper and authors
previous work [10], we have realized a prototype of the device for phase control of resonant converter
based on microprocessor Pic18F452. The work of the controller with installed program code is
simulated in the simulation program PROTEUS. The device for phase control is tested in
configuration of the half bridge serial resonant converter with changeable inductance of the resonant
circuit for 22%. The results of measurements are given in Table 3 and Fig. 10.

Table 3. Shift of the switching frequency of the converter when inductance
of the resonant circuit is changed

L( H )

C ( F )

R ( )

а)

423

55

0.5

б)

485

55

в)

526

г)

542

f o (Hz )

I outrms ( A)

U DCLINK (V )

1043

4.45

10

0.5

976

3.3

10

55

0.5

932

4.26

19.5

55

0.5

922

3.3

20

Table 3 shows that the phase control circuit moves the switching frequency when inductance of the
resonant circuit is changed.

а)
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в)

г)

Fig. 10. Wave forms of the output voltage and output current at phase controlled serial resonant
converter
Performed simulations and experimental measurements proved that:


The results of simulations and experiments showing satisfactory agreement.



On the basis of the developed methodology for the device for phase control and by using the
programming code and microprocessor support of 18F452 controller, phase difference (the
indirect resonant frequency) between the output voltage and the output current is controlled
and regulated.



The value of the DC link voltage and the effective value of current is determined by the
available technical possibilities which we had during the research.

4. CONCLUSION
This paper is a result of theoretical research of the authors regarding application of the resonant
converters in a control of processes with variable dynamic. Method for regulation of alternating
current voltage source with pair of IGBT transistor’s modules, in a bridge configuration with serial
resonant converter is developed and presented. Presented solution can be applied in the induction
heating of metals. In the process of the induction heating the parameters of resonant circuit R and L
are changing. As a consequence of their change the resonant frequency is also changed. Since the
maximum power of the resonant converter is developed at resonance frequency, the shifting of the
resonant frequency causes a change of the output power of the converter. By the aid of the developed
method a theoretical solution for regulation of phase difference between output voltage and the current
through the inductor is obtained. So the output power of the converter is maintained at maximum
value. By regulation of the phase angle of the inductor current the operating point is controlled as well.
Developed method is practically implemented in a prototype device for phase control of resonant
converter with variable resonant load. Also, this method can be a good basis for control of processes
with variable dynamic, realized by using standard CMOS logic, or digital signal processor (DSP). The
research of authors is focused on development and promotion of software for microcontroller based on
the methodology described in this paper.
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MASS TRANSFER IN COUNTER CURRENT FLOWS
Maria D. Doichinova, Petya G. Popova, Christo B. Boyadjiev
Bulgarian Academy of Science, Institute of Chemical Engineering,
Sofia 1113, Bl.103, Bulgaria

Abstract
A theoretical analysis of gas-liquid counter-current flow in laminar boundary layers with flat phase
boundary based on similarity variables method has been done. The obtained numerical results for the
energy dissipation, mass transfer rate and their ratio are compared with analogous results for cocurrent flows. A diffusion type of model is proposed for modeling of the mass transfer with chemical
reaction in the column apparatuses in the cases of circulation zones. The presence of rising and
descending flows (the change of the velocity direction) leads to using three coordinate systems. An
iterative algorithm for the concentration distribution calculation is proposed. The influence of the
zones breadths on the mass transfer efficiency in the column is investigated.
Key words: efficiency, mass transfer, velocity distribution, column apparatuses, circulation zones.

INTRODUCTION
Chemical technologies based on counter current flows in gas–liquid systems are widely encountered in
practice. The analyses of such flows [1] reveal that there is a possibility to obtain asymptotic solutions
for gas–liquid systems which are in agreement with the experimental data, obtained from
thermoanemometrical measurements in the boundary layers. The correctness of the asymptotic method
proposed in [1] was confirmed by numerical experiments concerning the exact solution of the problem
[2]. The theoretical analysis of the counter current flow [3], for example, shows that it is a nonclassical
problem of mathematical physics insufficiently discussed in the literature. The parabolic boundary
value problem with changing direction of time [4, 5] is a typical problem of this type. It was shown in
[3] that this nonclassical problem can be described as consisting of several classical subproblems.
The modelling problems in column apparatuses are result of the complicated hydrodynamic behaviour
of the flows in the columns. The presence of different phases (gas, liquid and solid) lead to the
necessity of a formulation of two or three phases hydrodynamic problem, where the equations at the
face interphase (boundary conditions at the phase boundaries) are practically unknown. As a result the
solution of the interphase mass transfer problem is not possible because the velocity function in the
convection-diffusion equation is unknown.
For this purpose a convection-diffusion equation with volume reaction is used [6-9], where the
convective transfer in the column apparatuses is a result of laminar or turbulent (large-scale
pulsations) flows, while the diffusive transfer is molecular or turbulent (small–scale pulsations). The
volume reaction is mass source (sink) as a result of chemical reactions or interphase mass transfer.
This approach was used for modelling of airlift reactors [10, 11] and an airlift photobioreactor [12].
The theoretical analysis of the mass transfer with volume chemical reaction in the column apparatuses
shows [13, 14] that process efficiency decrease as a result of the radial non-uniformity of the velocity
distribution. This effect increase with the column radius increase and is named “scale effect”.
In certain cases a change of the velocity direction exist [10-12, 15] and must be used different
coordinate systems for convection-diffusion equation solution, because velocity must be positive only.
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In some cases the change of the velocity direction is a result of the circulation flows in stagnation zone
and the mass transfer efficiency decrease. The using of the diffusion type of models [6-9] permit to
obtain the concentration distribution in these cases and the zones breadths influence on the mass
transfer rate.
1 Velocity Distribution
The mathematical description of the counter current (see Fig. 1) flow in the boundary approximation is

uj

u j
x

x  0,

 vj

u j
y

 j

 2u j
y

2

,

y  0, u1  u1 ;

u j
x



v j
y

 0,

j  1, 2;

x  L, y  0, u2  u2 ;

y  , 0  x  L, u1  u1 ;
y  0, 0  x  L, u1  u2 , 1

y  , 0  x  l , u2  u2 ;
u1
u
 2 2 , v1  v2  0.
y
y

(1)

Fig. 1. Counter-current flow
Problem (1) can be represented in a dimensionless form using two different coordinate systems for the
two phases. The flow in each phase is oriented along the longitudinal coordinate, which yields the
following dimensionless variables and parameters:

x  LX1  L  LX 2 ,
u1  u1U 1 , v1  u1

25

y  1Y1   2Y2 ,

1

V1 , u2  u2U 2 , v2  u2 2 V2 ,
L
L
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1

L
 j  j ,
uj

u
1  2 ,
u1

j  1, 2,

3

    2  u  2
 2   1 1   1  .
 2  2   u2 

(2)

In the new coordinate systems, the model of counter current flows takes the form

Uj

U j
X j

 Vj

U j
Yj

X j  0, U j  1;



2U j
Yj

2

,

X j



Vj
Yj

 0;

Yj  , U j  1;

U1  1U 2 ,

Y1  Y2  0,

U j

2

 U1  U 2

,
 Y1  Y2

V j  0;

j  1, 2.

(3)

Problem (3) cannot be solved directly, because the velocities U i (i  1, 2) change their directions
within the ranges 0  X i  1, 0  Yi  ,

i  1, 2  .

This nonclassical problem of mathematical

physics can be converted to a classical one by introduction of the following similarity variables:

U j  f j,

Vj 

1
( j f j f j ),
2 Xj

f j  f j ( j ),

j 

Yj
Xj

.

(4)

The substitution of (4) into (3) yields

2 f j f j f j 0,

f j (0)  0,

f1(0)  1 f 2(0),  2

f j ( )  1,

j  1, 2,

X2
f1(0)  f 2(0),
X1

X1  X 2  1.

(5)

It is obvious from (5) that problem (3) has no solution in similarity variables.
However, problem (5) can be solved after the introduction of new parameter  2 for each X1   0,1 :

 2  2

1  X1
.
X1

(6)

Hence, the problem has a local similarity solution. In this way problem (5) is substituted by several
separate problems for each X1   0,1 .
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The solutions of these separate problems can be obtained after the introduction of the function

7

7
2

2

F  a, b     f1 1 d1    f 2  1 d 2 , a  f10  , b  f1 0 .
6

(7)

6

The solution of (5) for each X1   0, 1 is obtained after searching for the minimum of the function
F(a,b). At each step of the minimization procedure, the boundary problem has to be solved:

f j  0   0,

2 f j f j f j 0,

j  1, 2,

f1 0   a,

f 2  0   

a
,
1

f1 0   b,

f 20    2b. (8)

Problem (8) was solved numerically for counter current gas and liquid flows for the following
parameters values: 1  0.1 and  2  0.152. In accordance with the requirement for a minimum of
F(a,b) in (7), the boundary conditions a, b and F(a,b) were determined [2].
The energy dissipated in the laminar boundary layer [16, 17] is described for both phases by the
equations

l ( 1) j+1

ej   j 
0


0

2

2

1 
 Uj 
e j u jl  i
  uj 
,
 dYj dX j , E j 

 dxdy , E j     
 Yj 
 i i u j2
y 
0 0

j  1, 2.

(9)

For gas–liquid counter current flows, the introduction of similarity variables leads to

1

Ej  
0

2

1  
  f j d j  dX j ,
X j  0


 

j  1, 2.

(10)

In the case of co-current flows, the function f j* does not depend on Xj and for energy dissipation one
can obtain



E j *  2
0

2

 

f i * di , i  1, 2.

Here f j *(i  1, 2) is the solution of equations (8) with boundary conditions for co-current flows:
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1*  0.1,

f1*  0   0.0908,

 2*   2  0.152,

f1*  0   0.32765.

(12)

The comparison of the energy dissipated in the laminar boundary layer [16, 17] for the case of gas–
liquid counter current and co-current flows is shown in Table 1. These results reveal that the energy
dissipation for the gas phase in co-current flows is lower than that in counter current flows, whereas in
the liquid phase there are no significant changes.

2 Concentration Distribution
The mathematical model of mass transfer in gas–liquid systems with counter current flow in a laminar
boundary layer with a flat phase boundary takes the following form:

uj

 cj
x

x  0,

 vj

 cj
y

 Dj

 2c j
 y2

,

j  1, 2;

y  0, c1  c1 ;

x  L,

y  0, c2  c2 ;

y  , 0  x  L, c1  c1 ;

y  , 0  x  L, c2  c2 ;

y  0, 0  x  L, c1   c2 , D1

c1
c
 D2 2 .
y
y

(13)

Here uj and vj (j=1,2) are the velocity components in the gas and in the liquid phase determined by the
solution of (8).
The solution of (13) was performed [18] by introducing the following similarity variables:

u j

j+1

 j  (1) y

u j   1

j+1

 j LX j

j

u f j,

,

X1 

v j   1

c j  c j   1 j (c1   c2 ) j ,

x
,
L

j+1

X2 

L x
,
L

X 1  X 2  1,


1  ju j
 j f j f j  ,
2 LX j

 j   j ( j ),

j  1, 2.

The substitution of equations (14) into equations (13) leads to

2 f j f j f j 0,
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f1  0   0,

f1 0   a,

f1 0   b,

f 2  0   0,

31(0)   2 (0),

 1 (0)   2 (0)  1,

f 2  0   

 j ()  0,

a
,
1

f 2 0    2b,

j  1, 2,

(15)

where
1

j
Sc j 
Dj
 2  2

( j  1, 2),
X2
,
X1

3  


2

1

3

 11  2  u1  2
2  
   ,
 2  2   u 2 

1 

u
,
u

D1
D2

u1 2
,
u2  1

3  3

X2
.
X1

(16)

The boundary conditions a and b are determined by (8).
Obviously, it is evident from (15) that it is possible to develop a similarity solution for different values
of X1  1  X 2 .
The solution of (15) was carried out [45] under new boundary conditions for  j ( j  1, 2) :

 1 (0)   ,

 1 (0)   ,
Here 

and 

 2 (0)  1   ,

 2 (0)   3  .

are determined for different values of

(17)

X1  1  X 2 , so the conditions

 j ( )  0, ( j  1, 2) have to be satisfied.
The Sherwood number may be obtained as

1

Shj   Re j 
0

 1  0
Xj

dX j ,

Rej 

u j L

j

,

j  1, 2.

(18)

The dimensionless diffusive flux has the form

1

J j  
0

29

 j  0 
Xj

dX j ,

j  1, 2.
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3 Comparison between Co-current and Counter current Flows
The comparison between the mass transfer rates in the counter current and the co-current flow modes
will be performed by solving equation (15) with parameters corresponding to the case of co-current
flow, namely,

f1 0   0.0908,

1  0.1,  2  0.152,

f1 0   0.37265,

 3   3 , J j*  2 j  0 , j  1, 2.

(20)

The results obtained for J *j  j  1, 2  are summarized in Table 1. These results definitely indicate that
with the co-current flow the mass transfer rate is higher than that exhibited under the counter current
flow conditions.
The numerical results allow us to determine the ratio (A) between the mass transfer rate (Sh) and the
corresponding energy dissipation (E) with both flow modes, namely,

Sh i *
Ai  * ,
Ei

Sh
A i i ,
Ei

*

i  1, 2.

(21)

The data summarized in Table 1 indicate the better performance of the co-current flow mode with a
higher mass transfer rate per unit energy dissipation required to perform the process. This theoretical
analysis shows that the linear mass transfer theory permits us to predict the mass transfer resistance
distribution in two-phase systems. In the diffusion boundary layer approximation, the mass transfer is
governed by the parameter   0 . The process is limited by the mass transfer in the first phase if

  0  102 ; if   0  102 the process is limited by the mass transfer in the second phase. The
diffusion resistances are of the same order of magnitude if   0 ~ 1. In the film theory mass transfer
approximation, the theory reveals that  is the only governing parameter.
Table 1 Comparison between counter current and co-current flows

3  0

 3 

 3 1

J1

J1*

J2

J2*

J1

J1*

J2

J2*

0.554

0.720

4.380

4.822

0.432

0.626

0.432

0.626

A1
1.06
E1
0.525

A1*

A2

1.57

739

E 1*

E2

E 2*

E1

0.00593

0.00643

0.525

0.458
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A1
0.82

A1*
1.37
E 1*
0.458
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The results obtained so far represent the linear mass transfer theory in the boundary layer
approximation with a flat phase boundary. Such problems (the linear mass transfer theory) can be
solved in similar manners (in the boundary layer approximation) with conditions imposed by different
forms of the interphase surface (wavy, spherical, cylindrical, and other shapes) in processes involving
film flows, droplets, bubbles, jets, etc.
4. On the scale effect and scale – up in the column apparatuses with circulation zones
Let’s consider fluid motion in a column with radius R0 , where the concentration of the fluid
components decrease as a result of first order chemical reaction. The presence of solid barriers (see
Fig.1) leads to circulation zone. As a mathematical model of the concentration distribution c(r, z) in
the column will be used convection–diffusion equation:

u

  2c 1 c  2c 
c
  kc
 D 2 

z
r  r  r 2 
 z

(22)

The solution of this equation is possible if the velocity distribution u(r, z) is positive.
The change of the velocity direction (see Fig.2) lead to solution of Eq.(22) in different zone in the
column: 0  r  r0 (u1(r,z)≥0) and r0  r  R0 (u2(r,z)≤0), where:


r2

u  u1 r   u  2  2 2
r0


z


,



 2

R02  r02
2
u  u 2 r   Ar0  r 
ln r r0 
ln R0 r0 



U

z=l
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0

R0

r
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R

0
1-a
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1+a

Fig.2 Circulation zones in column apparatuses
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The parameter A must be obtained from the physical condition in the circulation zone, where the
absolute values of the average velocities in the zones r1  r  r0 and r0  r  R0 are equals:

A





2u 2a  a 2
,
 2
R02  r02 
2
 R0  r0 

ln R0 r0  


( R0  r0 ) / r0  a ,

(24)

where 2ar0 is the breadth of the stagnation zone.
From Eqs.(23) is possible to be obtained the average velocities u1 and u 2 :

u1  u ,
R0
2
A 2
R02  r02 
2
2
u2  2
r u 2 r    R0  r0 
  u 2a  a
2 
R0  r0 r0
2
ln  R0 r0  





(25)

and dimensionless form of the velocities distributions:



2a  a 2
2 2a  a 2 1  R 2 
ln R
ln 1  a 

,
U 2 R  
2
2a  a
2  2a  a 2 
ln 1  a 



U 1  R  2  2 R ,
2



(26)

where

R

r
,
r0

R0
u (r )
u (r )
 1  a, U 1 ( R )  1 , U 2 ( R )  2
r0
u
u

(27)

The velocity distributions U 1 ( R) and U 2 ( R) are shown in the Fig.3.
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Fig. 3 Velocity distribution at a=0.1

The sign change of the velocity at r  r0 lead to necessity the problem Eq.(22) to be presented in
three problems in two coordinate systems (r,z1) and (r,z2), where z1+z2=l and l is the circulation zone
height:

u1

1.

 1 c1  2 c1 
c1
 D
 2   kc1 ,
z1
r

r
r 


( 0  r  r1 , 0  z1  l , u1  u1 (r ), c1  c1 (r , z1 ) )

z1  0 , c1  c0 ; r  0 ,
u1

2.

c1
 c c
 0 ; r  r1 , c1  c2 , 1  2 .
r
r
r

 1 c 2  2 c2
c2
 D 
 2
z1
r

r
r



  kc2 ,


( r1  r  r0 , 0  z1  l , u1  u1 (r ), c 2  c 2 (r , z1 ) )

z1  0 , c2  c3 z2 l ; r  r1 , c1  c2 ,

 c1 c2

;
r
r

r  r0 , c2  c3 ,

 c2 c3

.
r
r

 1 c 3  2 c 3 
c3
u2
 D
 2   kc3 ,
z 2
r 
 r r

3.

( r0  r  R0 , 0  z 2  l , u 2  u 2 (r ), c 3  c 3 (r , z 2 ) )

z 2  0 , c3  c2 z1 l ; r  r0 , c2  c3 ,

In Eqs. (28) (c 2 ) z

(c 2 ) z

1 l



1

l

and (c 3 ) z

2

l

 c3
 c2 c3

, r  R0 ,
 0.
r
r
z

(28)

are the average concentrations:

R0
2 r0
2
rc
(
r
,
l
)
dr
,
(
c
)


 rc 3 ( r , l )dr
2
3 z l
2
r02  r12 r1
R 02  r02 r0

(29)

The solution of the problem Eqs.(28) permits to obtain the column mass transfer efficiency q in the
case of circulation zone:
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q  u10c0 

2 r1
2 r1
 0
ru
c

r
,
l

dr
,
u

r u1(r )dr  u 1  2a  a 2 ,

1
1
1
2
2 
r1 0
r1 0





(30)

0 
where u1 is the average velocity of the convective mass flux in column with solid barriers.

Dimensionless problem solution
For the solution of Eqs.(28) must be used dimensionless variables:

r  r0 R , z  lZ 1  lZ 2 , Z 1  Z 2  1 ,
c1  c0C1 R, Z1  , c2  c0C2  R, Z1  , c3  c0C3  R, Z 2  .

(31)

Introducing Eqs. (31) into Eqs. (28), lead to the next set of equations:

U1

 1 C1  2C1 
C1
  DaC1
 Fo 

2 
Z1
 R R R 

Z 1  0 , C1  1 ; R  0 ,

R  1 a ,
U1

( 0  R 1 a )

C1
 0;
R

 C1
C 2
  1  Z1  ,  1 Z 1  
.
R
R

 1 C 2  2C 2
C 2
 Fo 

Z 1
R 2
 R R

Z1  0 , C2   2 ,  2 

(32)


  DaC 2


2
2a  a 2

(1  a  R  1)

1 a

 RC R, 1dR ;
3

1

R  1  a , C 2  R, Z 1   C1  R, Z1  ;
R  1,

U2

 C 
 C2
  2 Z1  ,  2 Z1    3 
Z1
 Z 2  Z

.

(33)

2 1 Z1

 1  C3  2 C 3 
C 3
  DaC3
 Fo

Z 2
R 2 
 R R

(1  R  1  a )

1

Z 2  0 , C3   3 ,  3 
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R  1 , C3   3 ,  3 Z 2   C 2 Z1 1 Z 2 ;
R  1  a,

C3
0,
R

(34)

where Fo and Da are similar to the Fourier and Damkohler numbers:

Fo 

Dl
,
u r02

Da 

kl
.
u

(35)

The column mass transfer efficiency Eq. (30) in dimensionless variables is:

Q

1a
q
4
2
1
 R 1  R C1  R,1dR .
2
2
u1 c0
1  a  1  2a  a 0

0 









(36)

The solution of the problem Eqs. (32-34) is possible to be obtained consecutively using the next
algorithm:
1. The problem (32) is possible to be solved independently if put  1 (Z 1 )  0 . As a result the
concentration C1(R,Z1) is obtained.
2. The problem (33) is possible to be solved independently if put  2  0 and  2 ( Z1 )  0 . As a

 C 2 
,  3 (Z 2 )  C 2 (1, Z 1 )

 R  R 1a

result are obtained the concentration C2(R,Z1),  1 (Z 1 )  
(where Z1=1-Z2) and  3 

1
2
 RC 2 ( R,1)dR .
2a  a 2 1 a

3. The problem Eqs.(34) is possible to be solved independently if put  2  0 and  2 ( Z1 )  0 .

 C3
 Z 2

As a result are obtained the concentration C3(R,Z2),  2 ( Z 1 )  

2 



and
 R 1, Z 2 1 Z1

2 1a
 RC 3 ( R,1) dR .
2a  a 2 1

The obtained initial approximations permit to make the next step of the algorithm:
4. Solution of Eqs. (32) and determination of C1(R,Z1).
5. Solution of Eqs. (33) and determination of C2(R,Z1) and  3 .
6. Solution of Eqs. (34) and determination of C3(R,Z2) and  2 ,  2 and continue from 4.
The criterion of the iterative procedure stopping is the minimization of the difference (P0) between
concentration distributions of two consecutive iterations:
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1a

1

1 a

0

1 a

1

P0   (C1i  C1i 1 ) 2 dR   (C 2i  C 2i 1 ) 2 dR   (C 3i  C3i 1 ) 2 dR .

The comparison of the results in the Fig.3 shows that the concentration distributions after the fourth
iteration satisfy the differential equations and boundary conditions Eqs. (32-34) and the criterion of the
iterative procedure stopping is P0≤10-5. The same results are obtained in the cases: а=0.05, а=0.13,
а=0.15 and in the Figs. 5a,b,c,d are shown the concentration distributions in the cases of a: a) а=0.05,
b) a=0.1, c) а=0.13, d) а=0.15, at different cross section’s areas –Z=0.1 (Z1=0.9), Z=0.3 (Z1=0.7),
Z=0.5 (Z1=0.5), Z=0.7 (Z1=0.3), Z=0.9 (Z1=0.1).
iteration 1

a=0.1, Z=0.5, Z1=0.5
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1
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Fig. 4. Concentration distributions at different iterations, obtained from Eqs. (32-34)
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Fig.5c. Concentration distributions at
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Fig.5d. Concentration distributions at different
height of the column, when a=0.15

The influence of the stagnation zone breadths on the concentration distributions is shown in the Fig.6.
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Fig. 6 Comparison of the concentration distributions for different stagnation zone breadths.
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The fluid flow rate in the column with barriers is:

W  u10 r12  u0R02 ,
where u0 is the average velocity in the column in the absence of the barriers and the flow is Poiseuille
type:



2

u0  u 1  2a  a 2

 1  a 

1  a 2

.

The velocity distribution in column without barriers is:


r2 
1  a 2 1  r 2  .
u0  2u0 1  2   2u 1  2a  a 2
1  a 2  R02 
 R0 





The convection-diffusion equation in the case of absence of the barriers is possible to be obtained from
(22) if replace u  u0 and c  c0 :

  2 c 0 1  c0  2 c 0 
 c0
  kc0
u0
 D 2 

2 
z
r

r

z

r



(37)

with boundary conditions:

z  0 , c1  c0 ; r  0 ,

c 0
c
 0 ; r  R0 , , 0  0 .
r
r

(38)

The introducing of the dimensionless variable

r  r0 R , z  lZ , c0  c0 C0  R, Z  , u 0 (r )  u U 0 ( R) ,
leads to:
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U0

 1 C 0  2C 0
C 0
 Fo 

Z 1
R

R
R 2


Z  0 , C0  1 ; R  0 ,
R  1 a ,


  DaC0



C0
 0;
R

C0
 0.
R

(40)

where

1 a 
U 0 ( R )  (1  2a  a )

1 a 
2

2



2
R2  .
2 
2
(1  a)



(41)

The mass transfer efficiency in this case is possible to be presented as

q0  u0 c0 

2 R0
 ru0 c0 dr
R02 0

(42)

and in dimensionless form:

Q0 

q0
4 1 a
1
1
R (1 
R 2 ) C0 ( R ,1) dR .
2 
u0 c0
(1  a) 0
(1  a ) 2

(43)

Let’s consider the effect of the parameter a (who is related with the breadth of the stagnation zone) on
the process efficiency in column and comparing it with process efficiency in column without
stagnation zones and Poiseuille flow.
In the Table 2 are shown comparison results of the process efficiency (degree of the conversion) in
column with ( Q ) and without ( Q0 ) stagnation zones (circulation flows as a result of the barriers) and
relative column efficiency decrease (∆Q) as a result of the stagnation zones:

Q 

Q0  Q
.
Q0

The relative stagnation zone volume, with respect to the column volume
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W 

R0  r1 2
R02



4a 2

(45)

1  a 2

and the relative influence of the stagnation zone volume on the column efficiency

Q
are
W

demonstrated in Table 2:

Table 2 Process efficiency in column with ( Q ) and without ( Q0 ) stagnation zones, relative column
efficiency (∆Q) and relative stagnation zone volume (∆W).
a

Q0

Q

∆Q

∆W

∆Q/∆W

0.05

0.1042

0.0865

0.1699

0.009

18.67

0.10

0.1165

0.0803

0.3107

0.033

9.39

0.13

0.1253

0.0770

0.3855

0.053

7.29

0.15

0.1317

0.0751

0.4298

0.068

6.31

0.20

0.1502

0.0707

0.5293

0.111

4.76

The proposed method for modeling of the mass transfer in column apparatuses with change of the
velocity sign permit to analyze the influence of the stagnation zones on the mass transfer processes
efficiency in column apparatuses.
The results obtained show, that the increase of the stagnation zone breadth lead to the column
efficiency Q decrease, while Q0 increase as a result of the average velocity u 0 decrease. The relative
stagnation zone volume W increase lead to the relative column efficiency Q
relative influence of the stagnation zone volume on the column efficiency

increase, while the

Q
decreases.
W

The elimination of the negative effect of the stagnation zone is possible on the base of very well
distribution of the solid particles (filling or catalyzer particles) in the column volume or absence of
solid barriers in the empty columns.
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Abstract
Non-invasive monitoring of molecular targets is particularly relevant to photodynamic therapy (PDT),
including the delivery of photosensitizer in the treatment site and monitoring of molecular and
physiological changes following treatment. Photodynamic therapy consists of the uptake of a
photosensitizing dye by tumor tissue and subsequent irradiation of the tumor with light of an
appropriate wavelength matched to the absorption spectrum of the photosensitizing dye. Singlet
oxygen is accepted as the main mediator of photocytotoxicity in photodynamic therapy, causing
irreversible cell damage by oxidation and degradation of (intra)cellular biomembrane structures, but
with minimal systemic toxicity. This report presents a study of the in vitro non-uniform intracellular
distribution of 5, 10, 15, 20 - tetra (4-sulfophenyl) porphyrin (TS4PP) on K562 human chronic
myeloid leukemia cell line.
Key words: TS4PP, K562 human chronic myeloid leukemia cell line;Optical imaging; Photodynamic.
1. INTRODUCTION
Photodynamic therapy (PDT) is a relatively new therapeutical approach for cancer treatment,
consisting of the combined use of systemically administered photosensitizing substance and local
applications of light emitted by lamps or lasers in the presence of oxygen. The technique is based on
the preferential accumulation of photosensitizer in tumor tissue with subsequent cytotoxicity mediated
by singlet oxygen production. Its therapeutic usefulness is due to selective and rapid tumor necrosis
after illumination of the photosensitizer-containing tumor with light (Ion, 2003, Ion 2006, Calin and
Pascu, 2006).
The lethal, acute, direct effects of PDT on tumoral cells and even normal cells depend on: type, dose
and location of the photosensitizer on/or in the cell, the photodynamic efficiency of the substance in
the environment, parameters of irradiation and oxygen transport.
Different photosensitizers have been tested in human tumor tissues, including porphyrins
(hematoporphyrin derivative, porfimer sodium, tetra-sodium-meso-tetra-phenyl-porphyrinsulphonate), phthalocyanines, chlorines, porphycenes, purpurins, eosin, tetracycline, acridine orange
and Rhodamine-123. Porfimer sodium has been the preferred drug used as a photosensitizing
substance due to its high affinity for the tumor cell and its strong effect under irradiation with light. In
spite of this, the application of sodium porfimer is limited due to some criteria:
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Heterogeneous chemical composition, rich in unknown components;



Low molar absorption coefficient (3000 M-1cm-1) in the range of clinical wavelengths (over
than 600 nm);



Precipitation tendency in aqueous solution;



Skin persistence;



Low cleareance rate associated by a high maintance in the reticuloendothelial system, liver
and so on, and yielding some toxic effects even in the dark.

The studies in this field are focused on new photosensitisers displaying a homogeneous distribution to
tumoral area and subsequently optimum properties for PDT.
Porphyrin has been the preferred drug used as a photosensitizing substance due to its high affinity for
the tumor cell and its strong cellular effect after light irradiation. Ion and Apostol (2004) show that
porphyrins can form a variety of structures from linear head-to-tail or J-aggregates to fractal
aggregates grown under different regimes of aggregation, and can exhibit rich photophysical
properties. Photophysical properties of TS4PP porphyrin, as a synthetic one have been studied
extensively in vivo and in vitro with an application for photodynamic therapy of cancer. The size and
shape of TS4PP aggregates in solution have been investigated extensively using spectroscopic and
light scattering methods. Aggregates can break into their constituent parts which can be monomers or
smaller aggregates and this can probably be shown by the change of the relative peak positions.
The aim of this work is to establish the optical properties of 5, 10, 15, 20 - tetra (4-sulfophenyl)
porphyrin (TS4PP) photosensitizer and its intracellular biodistribution in K562 human chronic myeloid
leukemia cell line.
2. MATERIALS AND METHODS
2.1 Photosensitizers
5, 10, 15, 20 - tetra (4-sulfophenyl) porphyrin (TS4PP) is a negatively charged photosensitizer
obtained in the lab after already reported standard methods. The molecular structure of porphyrin dye
is shown in Fig. 1. and its purity has been checked by X-ray diffractometry, FTIR spectrometry and
UV-Vis spectrophotometry. Porphyrin was diluted in phosphate buffer (pH=7.2) at a 10-4 M
concentration and different concentrations were afterward made in cell culture medium. All chemicals
were used without any purification.

Fig. 1. The structure of TS4PP (R=SO3-)

43

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
All the stock solutions were stored at 4°C in the dark and used in the 14 days interval. As noncellular
controls we have used the specific photosensitizer or only DMSO solvent in culture medium at the
appropriate concentrations. All the mentioned controls were used to eliminate the possible
interferences with the measurement systems on one hand as the photosensitizers have absorption
spectra around 500-600nm and on the other hand to subtract the solvent effect, namely DMSO.
2.2. Cell Cultures
K562 lymphoblastic human cell line (supplier ATCC Nr.CCL-243) derived from chronic leukemia
was used. Cells were maintained in culture or cryopreserved as stated by the supplier. Briefly, the cells
were cultivated in RPMI1640 with phenol red supplemented with 4 mM L-glutamine, 1.5 g/L
NaHCO3 and 10% fetal calf serum (FCS) at 370C in 5%CO2 atmosphere at a cell concentration of 12x105 cells/mL. In 48-72h cells quadruple their number and the culture medium is changed, cells being
reseeded at 1-2x105 cells/mL. All the tests were performed in the exponential growth phase of the cell
line (Neagu et all. 2006, Manda et all., 2006). In all the PDT experimental systems the cell line was
used in RPMI1640 complete medium without phenol red in order to avoid the interference with the
detection methods. Cell viability was assessed by the Trypan blue method.
2.3. Absorption and Fluorescence Spectrophotometry
A Carl Zeiss Jena M400 spectrophotometer was used for absorption spectra registration. Fluorescence
spectra were obtained using a Perkin-Elmer LS 50B luminescence spectrometer using excitation
wavelengths near the maximum absorbance for each photosensitiser and solvent. All solutions were
measured at room temperature in 1 cm or 1 mm pathlength quartz cuvettes. Absorption spectra,
fluorescence spectra and fluorescence lifetimes were taken for all solutions using the following
concentrations: 1.0 x 10-7 M, 1.0 x 10-6 M, 5.0 x 10-6 M, 1.0 x 10-5 M, 5.0 x 10-5 M, 1.0 x 10-4 M.
Stock solutions were prepared in Water:DMSO (99.95%-0.05%) and diluted in Dulbecco's modified
Eagle's medium (DMEM) with 1% FBS just before use.
2.4. Photosensitizers loading
The loading was performed at various incubation time (1-48h), cell concentration (0.05 – 1.5 x 106
cells /mL) and photosensitizer concentration (5-250 microg/mL). The loading degree was tested
registering the cell suspension’s mean fluorescence. Suspensions of loaded cells were thoroughly and
quickly washed before imaging and displayed on poly-L-Lysine coated fluorescence treated glass
slides. The loading degree was tested by flow-cytometry registering the cell suspension’s mean
fluorescence and results are presented as index compared to unloaded cells.
2.5. Fluorescence microscopy
Fluorescence microscopy was performed on an optical scatter imaging microscope platform, which
was also fitted with an epiflorescence modality, using an inverted microscope (Eclipse T200, Nikon)
with epifluorescence. A 10-nm band-pass interference filter placed in the condenser housing yielded
an incident red beam centered at λ = 630 nm (V2A filter).
2.6. Data analysis
All data and images processing was done using Image J software. All images of single cells were
extracted from larger images. Each single cell image was processed to visualize and quantify the
photosensitizer molecules. For rectangular selections, the x-axis represents the horizontal distance
through the selection (Szmacinski et all. 1994).

44

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
3. RESULTS AND DISCUSSIONS
3.1. Absorption spectra
(TS4PP) is an anionic porphyrin, a very large disk-shape molecule which possess four negative charges
the sulfonate groups from the four corners. In aqueous solutions, at neutral pH, the electronic
absorption spectrum of TS4PP is typical of free base porphyrins (D2h symmetry) and is characterized
by an intense Soret band at arround 420 nm and four Q bands in the 500-700 nm range (the aetio-type
spectrum).
Aggregation of TS4PP can be activated by decreasing pH or increasing ionic strength of the solution,
and it can be monitored using different positions of absorption peaks corresponding to different
species, Fig.2. Could be a zwitterionic between the central diacid group of the sulfonic groups, which
could be more responsible for J-aggregation. Because of static Coulombic repulsion, the two central
NH fragments are probably distorted out of the aromatic plane. The planar TS4PP zwitterionic
monomer subunit leads to the suggestion of a straighforward structure for both J- and H-aggregates.
The electrostatic interaction between the zwitterionic no doubt facilitates this aggregation. The Jaggregate is formed initially as a transparent colloidal solution which is then precipitated from the
aqueous solution with time by exposure to light.

Fig.2. Absorption spectra of different TS4PP forms:
(-) monomer; (…)dimer; (-.-.) H-aggregate; (---) J-aggregate
In acidic medium, new absorption bands (from 490, 707 nm) become dominant when the
concentration of TS4PP exceeds 10-5 M and they are attributed to the aggregated forms of TS 4PP,
Table 1.
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Table 1.The specific absorption bands of different TS4PP forms
Porphyrinic forms

B band

Q bands
1

H2TSPP -4

λ/εx103(nm/M- .cm-1)

λ/εx103 (nm/M-1.cm-1)

412/355

515/130
551/4.5
579/1.9
33/1.01

433/357

H4 +2TSPP

550/140
594/3
644/14

H42+TSPP4 J-aggregate

422

H42+TSPP4 H-aggregate

401

490

707
517
552
593
650

Assuming that the distance between molecules is ~5 Å, the aggregate length can be calculated to be
~10-6 cm, showing that the exciton diffusion length is shorter than the aggregate length. This result
suggests that the number of molecules per aggregate determined represents the diffusion-limited size
of the aggregate. The number of coherently conjugated molecules obtained in this work is in fairly
good agreement with previous findings on the aggregation number of TS4PP obtained. However, it has
been proposed that J-aggregates of TS4PP tend to form large fractal-like structures or macroaggregates
in organic solvents. H and J-aggregates of some porphyrins are based on the intermolecular
interactions of 3-5 Kcal/mol per porphyrin face. Such aggregates have the size of 5-6 nm in solution.
The columnar structure formed by porphyrins has a length of 5 to 27 porphyrin unities (Ion et all.
1998).
3.2. Fluorescence spectra
Useful informations could be obtained also by means of emission spectroscopy. The fluorescence
spectrum of the monomer of TS4PP in Water:DMSO (99.95%-0.05%) shows two peaks at 650 and
700 nm. The fluorescence spectrum of concentrated TS4PP solution is highly quenched which bring us
to the conclusion that the TS4PP dimer is weakly fluorescent, Table 2.
The TS4PP emission in Water:DMSO (99.95%-0.05%) strongly depends on the wavelength of
excitation. In Water:DMSO (99.95%-0.05%), the emission band of the J-aggregates shifts
continuously with the excitation wavelength. The fluorescence of the J-aggregates is very weak
compared to the monomeric or H-aggregate, and the first results have been obtained by Frackowiak
(1998) and Wrobel (1998).
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Table 2. The fluorescence bands of TS4PP at different concentration in Water:DMSO (99.95%-0.05%)
Porphyrinic form

λexc

λem

Monomer

650

700

Dication monomer

672

749

H-aggregate

665

728

J-aggregate

714

724

It is important to predict the type of aggregated structure that probably affects the loading capacity and
in the end, the efficiency of PDT. The singlet oxygen formation, consequently the photochemical
efficiency is enhanced if face-to-face configurations (H-aggregates) are formed. Because the
protonation of the inner nitrogen atoms drastically prevents the incorporation into cells and our
porphyrins have good incorporation properties, we presume that this porphyrins exist firstly as Haggregates, because they are neutral (not at all charged) and stable in solution. This rule could be a
logical explanation for the fast application of such porphyrins in biological media in order to delay the
J-aggregates formation as precipitate. At the same time, we could presume that H-aggregates exist
concomitantly with the J-aggregates. The precipitate is unsoluble in water but soluble in DMSO
wherein the aggregate dissociates into monomeric porphyrin.
Ion (1998) and Frackowiak (2001) showed that the efficiency of the incorporation of these dyes into
cellular membrane changes in the same manner as the singlet oxygen generation. The sulfonated
porphyrins were better incorporated (unlike to the non-sulphonated ones). The finding can suggest that
aggregated forms (J-aggregates) generated for the porphyrins in Water:DMSO (99.95%-0.05%) are
better penetrating the membranes and once in the cellular membrane, dyes are deaggregated by the
interaction with lipids and exhibit photodynamic efficiency as the monomeric form.
3.2. Microscopic studies
In the light of changes observed under fluorescence microscopy (fig 3) further studies were undertaken for detailed analysis of time loading of TS4PP for K562 cells treated with 50 microg/mL TS4PP
(fig. 4).

a)

b)

c)

d)

Fig. 3 Fluorescence images of single cell K562 lymphoblastic human line extracted from the integrale
images colected with CCD camera, at different incubation time of 50 microg/mL TS4PP;
a) 2h; b) 4 h; c) 8 h si d) 24 h
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After 1 h of TS4PP administration, the sensitizer shows an non-uniform distribution, the loading area
being 45,29 % from cell surface (fig 4.a). After 4h of administration, a sensitizer localisation is
observed (fig.4.b) in some cellular targets and an increased fluorescence intensity (fig. 5) is being
detected. After 8 h and 24 h post-administration, the sensitizer is released from the cells, (fig.4. c-d),
being recognized only in 5,79 % from total cell area.

a)

b)

c)

d)

Fig. 4. TS4PP localization at different times: a) 2h; b) 4 h; c) 8 h si d) 24 h

Fig. 5. Fluorescence intensity at different incubation time (x = 1h; ● = 4h; ---=8h; ▀ = 24h)
Analysing this graphical representation, a significantly increasing of the fluorescence could be
observed and in the same time an increasing of the ocupied space between the cell membrane to
nucleus.
All these data are a good proof of perinuclear aggregation of the sensitizer already recognized
(Frackowiak et all., 2001). Also, these results are very correlated with the incubation time of TS 4PP
48

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
into K562 cells. As it is known there is a period of efficient accumulation of the photosensitizers in the
tumoral tissue, Alexandrova et all. (2004) prooved that is the reason why we have tested the timedependency of the loading efficiency in K562 cells of the compounds. The yield of compound loading
in K562 cell line was performed using flow cytometry measurements for time and cell concentration
optimization. For all the compounds, the optimum incubation time is around 18-24h and it decreases
after 48h. For TS4PP compound the plateaux of dependency is somehow extended after 24h of
incubation. The optimum incubation time is in agreement with other photosensitizers used for loading
into neoplastic cells lines. Less than 18h incubation time is probably insufficient for an optimum
destructive effect of experimental PDT. For a longer incubation period, over 24h, the intracellular
degradative processes are effective, destroying the accumulated photosensitizers and lowering the cell
loading. We do not exclude although the cellular efflux mechanisms that over 24h of incubation can
override the influx of the photosensitizer. The flow-cytometry studies showed that in the case of K562
cell line loading there is no population selection, thus on the whole, after a 24h period of incubation,
the cell population has a maximum photosensitizer loading (maximum mean fluorescence) (Fig. 6).

Fig. 6 Time of incubation dependency on the fluorescence of K562 cell line loaded with 20microg/mL
TS4PP
4. CONCLUSION
The present study demonstrates the non-uniform distribution of sensitizer TS4PP, as evidenced by
fluorescence microscopic studies. Because we measured the fluorescence at 650 nm, we presume that
in the cells TS4PP reagain its monomeric form, although before incorporation the compound is in the
J-aggregate form.
Even after 1 h of TS4PP of administration, the sensitizer loading area is 45,29 % from cell surface,
after 4h of administration, a sensitizer localization is observed in some cellular targets and an
increased fluorescence intensity is observed. After 8 h and 24 h post-administation, the sensitizer is
released from the cells, being recognized only in 5,79 % from total cell area.
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USE OF LIPOSOMES FOR EXPERIMENTAL CHRONIC
LIVER INSUFFICIENCY THERAPY
Rinat A. Mukhamadiyarov, Nelly L. Vorontsova
Experimental and Clinical Cardiology Department, Research Institute for Complex Issues of
Cardiovascular Diseases SB RAMS, 6 Sosnovy bulvar, Kemerovo 650002 Russia

Abstract
The aim of the study was to evaluate the use of lecithin/cholesterol liposomes in experimental chronic
liver insufficiency (CLI) therapy. The effects of the empty liposomes, ATP and phosphocreatinecontaining liposomes and lpha-tocopherol and superoxide dismutase-containing liposomes were
studied. It was found that all the liposomes decrease serum concentrations of liver damage enzyme
markers and reduce oxidative stress.
Key words: liposomes, liver insufficiency, lipid peroxidation.
1.INTRODUCTION
Liposomes are lipid membrane-bound vesicles (Barsukov, 1998). Liposomes, being a convenient
model of elementary biological membrane, are widely used in fundamental research and are known for
their potential for practical application in pharmacology, medicine, cosmetology and food industry.
A delivery of a variety of molecular complexes to a diseased organ or tissue (Barsukov, 1998; Seifulla,
2010; Allen, 2007; Torchilin V.P., 2005, 2010) is quite a promising medical application. Chronic liver
insufficiency is a very common condition, which develops if a patient has some chronic liver diseases.
One of the reasons for CLI development is the venous congestion caused by circulatory impairment
due to heart failure or Chiari-Budd syndrome (Boyarinov, 1999; Abraldes, 2006). Hypoxia and the
derangements of inflow and outflow metabolite transport induce lipid peroxidation processes, which
constitute an important stage in CLI pathogenesis. (Boyarinov, 1999; Sergeeva, 2006). Lipid
peroxidation is associated with the destruction of essential phospholipids and lecithin as the most
important one (Bilenko, 1989).
A characteristic feature of liposomes is that they can be rapidly - within 1 or 2 hours - absorbed by
reticuloendothelial system, particularly by the liver (Barsukov, 1998) and the intravenous
administration of liposomes can be regarded, accordingly, as a method of target drug delivery. Thus,
one of the possible ways to treat liver disorders is to use liposomes to deliver drugs to diseased liver
cell membranes; moreover, lecithin, which occupies the outermost part of the liposome, can act as a
substitute for the molecules damaged during lipid peroxidation.
The aim of the study was to evaluate the efficacy of liposomal drug use in experimental chronic liver
insufficiency therapy.
2. MATERIAL AND METHODS
2.1.Liposomal drugs
The study used 3 types of liposomes and the contents of lipid bilayers and liposomal inner
compartments are shown in Table 1. Liposomes were prepared by forcing suspensions of lipid through
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polycarbonate filters with the LIPEX extruder (Lipex Biomembranes Inc., Canada). Before the
extrusion Heidolph rotary evaporator (Germany) was used in order to obtain a film of lipids consisting
of egg lecithin (Lipoid, Germany) and cholesterol (Sigma-Aldrich) in a 7 to 5 ratio on the wall of an
one-liter flask. Alpha-tocopherol was added to the film of lipids for antioxidant-containing liposomes.
Table 1.
Liposomal contents in the given experiment

Type of liposomes

Lipid bilayer. Molar ratio of the
contents

Empty liposomes (EL)

7:5:0

Liposomal macroergic (MPL)
phosphates

7:5:0

Liposomal antioxidants (AOL)

Liposomal inner compartment

Lecithin:Cholesterol:Alphatocopherole

7:5:0.5

0.9% NaCl
0.9% NaCl, 2% ATP, 2% PCr
0.9% NaCl, 2 mg/ml SOD, 2
mmole GSH

ATP - adenosine triphosphate, PCr – phosphocreatine, SOD - superoxide dismutase, GSH – reduced
glutathione

The film of lipids was then hydrated with an aqueous vehicle and shaken to obtain multilamellar
vesicles. The aqueous vehicle for empty liposomes (EL) consisted of 0.9% NaCl; 2% ATP (SigmaAldrich) and 2% PCr (Sigma-Aldrich) were used to obtain liposomal macroergic phosphates (MPL)
and 2 mg/ml SOD and 2 mmole GSH (Sigma), based on 0.9% NaCl, for liposomal antioxidants. The
vesicles were then subjected to a freeze-thaw procedure repeated 10 times to improve hydration and
hydrophilic drugs encapsulation.
The liposome suspension was extruded 10 times through Costar polycarbonate filters of 100 nm pore
size. The purification of liposomes was done by gel-filtration chromatography using a sterile column
filled with Sepharosa 2B (Sigma-Aldrich). Liposome-containing fraction was diluted in 0.9% NaCl
until the lipid concentration reached 25 mg/ml.
2.2. Chronic liver insufficiency simulation by partial hepatic vein ligation
The experiments were conducted on mature wistar male rats weighing 250-300g in accordance with
the principles of the European Convention (Strasbourg, 1986) and the WHO Helsinki Declaration
(1996).
The rat abdominal cavity was opened under ether anaesthesia in aseptic conditions. CLI was simulated
by the ligation of right and central hepatic veins distal to their entrance into the inferior vena cava. The
ligation was done step by step during 2-3 min. CLI developed due to venous congestion within 8
weeks.
The experimental rats were administered with liposomal drugs, such as EL, liposomal antioxidants and
liposomal macroergic phosphates (the contents are shown in Table 1), to treat the condition. 25 mg of
lipids/kg were injected 15 times into the tail vein at 48h intervals.
In total, 4 groups of rats took part in the experiment: control rats (intact, injected with 0.9% saline) and
rats with simulated CLI receiving either saline (CLI+saline), EL (CLI+EL), liposomal macroergic
phosphates (CLI+MPL) or liposomal antioxidants (CLI +AOL). Each group included 10 to 12 rats.
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2.3. Biochemical studies
The blood and the liver tissue were used for the study. The liver tissue was washed and frozen by
placing it into the liquid nitrogen. The activity of organospecific enzymes in the blood serum and liver
homogenates was a criterion for liver damage. The liver tissue was cooled to 4 оС to produce
homogenates and centrifuged at 3000 rpm for 10 min. The activity of gamma-glutamyltransferase
(GGT), sorbitol dehydrogenase (SORD) and arginase was measured by spectrofluorimetric methods
using KONE DIAGNOSICS kits (Finland). Pseudocholinesterase activity was assessed by its reaction
with dithiobisnitrobenzoic acid.
The concentrations of malondialdehyde (MDA) –the main peroxidation product – were measured
using a color reaction with thiobarbituric acid (Stalnaya, 1977) to evaluate the lipid peroxidation
processes. Total antioxidant activity in the liver tissue was measured by a method based on the lower
MDA production in arachidonic acid solution (Promyslov, 1990); besides, the catalase activity was
measured (Aebi, 1984). All the spectrofluorimetric studies were carried out with Ultrospec plus
spectophotometer (Pharmacia, Sweden).

SPSS Statistics 6.0 software was used for statistical processing of the data. Data are presented
as means± SD.
3. RESULTS
CLI+saline group showed a significant increase in cytolysis enzyme marker activity in the blood
serum compared with the control group following partial ligation of hepatic veins (Table 2). SORD,
arginase and GGT activity increased by 87.2%, 21% and 61.7%, respectively. At the same time
pseudocholinesterase activity was found to decrease (Table 2). Serum MDA concentrations and
antioxidant activity in this group did not differ from the controls. SORD activity in liver homogenates
was found to decrease by 21%, the increase in MDA concentrations made up 83% and catalase and
antioxidant activity decreased by 14% and 28%, respectively (Table 3).
The administration of all the liposomal drugs resulted in the decrease of serum liver enzyme activity
compared with CLI+saline group and the effect depended on the drug type (Table 2). The maximum
decrease in all the cytolysis markers under study was observed in CLI+AOL group; however, the
activity of the given enzymes was still higher than in the control group. These changes in the enzyme
activity can be regarded as an indicator of reparative processes in the liver. The administration of
liposomal drugs allows better hepatocyte preservation and restores the structural integrity of a cell
membrane.
Pseudocholinesterase activity increased in CLI+MPL and CLI+AOL groups by 33% and 18%,
respectively, compared with CLI+saline group.
Serum antioxidant activity decreased in CLI+EL group and increased in CLI+MPL and CLI+AOL
groups following liposome administration (Table 2).
All the groups demonstrated a significant increase in serum MDA concentrations following liposomal
drug administration compared with the controls and CLI+saline group. CLI+EL, CLI+MPL and
CLI+AOL groups showed an MDA increase of 162%, 148% and 128%, respectively, compared with
CLI+saline group, and this difference was statistically significant (Table 2).
.
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Table 2.
Enzyme activity, MDA concentrations and antioxidant activity in the rat blood serum after simulating
CLI and the administration of liposomes (15 injections at 48h intervals)
Pseudocholinesterase ,

Antioxidant
activity ,

U/l

%

28.86±1.17

427.8±12.56

3#3.28±1.32

6.54±0.,35

6.14±0.09*

46.66±1.15*

241.,8±5.24*

34.76±1.31

6.56±0.28

32.34±0.99*#

4.78±0.19*#

41.10±1.59*#

227.8±8.9*7#

23.33±1.08*#

17.21±0.68*#

CLI+MPL

33.19±1.23*#

3.36±0.14*#

36.71±1.67*#

321.3±9.06*#

37.53±1.46#

16.3±0.70*#

CLI +AOL

28.38±0.98*#

2.86±0.10#

34.77±0.96*#

284.3±9.52*#

31.11±0.86

14.9±0.24*#

SORD,

GGT,

mmole/ml min

Arginase,
mkmole /ml.h

Controls

19.23±0.95

2.59±0.11

CLI+saline

36.0±0.95*

CLI+EL

.

U/l

MDA,
mkmole/l

* - statistical significance of the differences from CLI+saline group when P>0.05, # - statistical significance of
the differences from CLI+saline group when P>0.05. SORD – sorbitol dehydrogenase, GGT - gammaglutamyltransferase, MDA - malondialdehyde. Groups: control animals (intact, injected with 0.9% saline) and
animals with simulated CLI receiving either saline (CLI+saline), EL (CLI+EL), liposomal macroergic
phosphates (CLI+MPL) or liposomal antioxidants (CLI +AOL). 25mg/kg of liposomal drugs were injected 15
times at 48h intervals.

Table 3.
SORD and MDA concentrations, catalase and antioxidant activity in the rat liver homogenates after
liposomal drug administration
Antioxidant
activity,

SORD,

MDA,

Catalase,

Mole/g/h

mkmole/g

mkmole/g.min

Controls

221.0±9.2

5.02±0.11

44.02±1.05

36.5±1.29

CLI+saline

175.6±6.6*

9.22±0.17*

37.62±0.56*

25.83±0.87*

CLI+EL

193.1±10.1#

5.34±0.27#

37.45±1.27*

27.84±0.75*#

CLI+MPL

217.7±8.2#

8.26±0.32#

35.70±1.10*

20.38±1.02*#

CLI +AOL

218.3±7.8#

4.6±0.16#

37.37±0.94*

35.15±1.10#

%

The * and # signs stand for the same values as in Table 2.

Liver homogenates (Table 3) showed an increase in SORD activity by 10% and 24% in CLI+EL,
CLI+MPL and CLI+AOL groups, respectively, compared with CLI+saline group. MDA
concentrations in liver homogenates decreased by 42%, 10% and 50% in CLI+EL, CLI+MPL and
CLI+AOL groups, respectively, after the liposomal drug administration. Liver antioxidant activity in
CLI+EL and CLI+AOL groups increased by 8% and 36%, respectively, and decreased in CLI+MPL
group by 20% compared with CLI+saline group. Catalase activity in all the treatment groups did not
differ significantly from CLI+saline group.L
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4. DISCUSSION
The obtained data show that 8 weeks after partial ligation of hepatic veins the rats in CLI+saline group
demonstrate a significant increase in the activity of serum enzyme markers of hepatocyte cytolysis,
e.g. SORD, arginase, GGT, compared with the control group. The activity of different enzymes
showed a 1.5-2.5-fold increase which evidences the selective permeability defect of the plasma
membranes of liver parenchymal cells and cell necrosis. At the same time this group was found to
experience a decrease in pseudocholinesterase activity which can be regarded as a sign of hepatocyte
protein synthesis inhibition. This is also proven by the decrease in SORD activity in liver
homogenates. In general, all these results show that partial hepatic vein ligation leads to a
deterioriation in liver function and the impairment of hepatocyte structure and function. These changes
can be regarded as signs of CLI caused by circulation impairment.
An increase in MDA, being an informative marker of peroxidation activity, and a simultaneous
decrease in general antioxidant activity and catalase activity were registered in CLI+saline group
compared with the control group. These data suggest the induction of lipid peroxidation in the liver
cells and a concurrent antioxidant system depletion. The reason for lipid peroxidation induction in the
given experiment can be energy deficiency and hypoxia caused by venous congestion.
The found changes in enzyme activity are similar to those in patients with mitral valve disease
(Boyarinov, 1999; Sergeeva, 2006); therefore, our model of venous congestion in laboratory rats can
be selected for liver dysfunction evaluation in the treatment of mitral valve patients.
Three types of liposomal drugs were used to treat CLI caused by venous congestion. EL are the
liposomes containing lecithin - the most important essential phospholipid. Lecithin makes up to 50%
of all the liver phospholipids and is one of the substrates for lipid peroxidation; therefore, EL can be
regarded as a lecithin carrier to hepatocyte membranes or even a membrane “patch” for damaged cell
membranes (Ipatova, 2005). Liposomal macroergic phosphates have ATP and PCr as parts of the inner
compartment. These liposomes can be used to deal with energy deficiency due to hypoxia (Korb,
2008). Liposomal antioxidants contain alpha-tocopherol, SOD and GSH which present in different
chains of antioxidant cell protection system (Bilenko, 1989). Liposomes are regarded as antioxidant
carriers to the damaged cells in order to enhance antioxidant protection.
EL administration led to a decrease in the serum activity of the enzymes under study compared with
CLI+saline group which tells about the hepatocyte cytolysis reduction; the increase in
pseudocholinesterase activity demonstrates the enhancement of a liver synthetic ability which is
further proven by the increase in SORD activity. The administration of empty liposomes decreased the
intensity of lipid peroxidation and the enhancement of antioxidant system activity shows the decrease
of oxidative stress due to circulation impairment. Thus, the administration of empty liposomes had a
marked therapeutic effect.
Likewise, the administration of liposomal macroergic phosphates decreased the activity of the serum
liver enzymes in CLI rats compared with CLI+saline group, but the efficacy was higher than after EL
administration. A significant increase in serum pseudocholinesterase activity indicates the higher rates
of its synthesis and, consequently, the improvement in liver function. SORD activity in homogenates
also increases. These data show that the administration of liposomal macroergic phosphates in CLI
rats induce hepatocyte biosynthesis and in this has the best effect among the studied liposomal drugs.
However, the oxidative status improvement was the lowest among the other liposomal drugs under
study. Thus, liposomal macroergic phosphates protect hepatocytes from lysis and induce cell
biosynthesis but have an insignificant effect on oxidative stress.
Augmentation of intracellular antioxidant enzymes via liposomal delivery decreased the serum levels
of enzyme cytolysis markers at most, led to an enhancement of pseudocholinesterase and SORD
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synthesis, decelerated the synthesis of peroxidation products and enhanced antioxidant activity (Table
2 and 3). Thus, liposomal antioxidants had the highest therapeutic effect among the drugs under study.
A significant increase in serum MDA following the administration of any of the liposomal drugs under
study requires a special attention. However, CLI+saline group did not demonstrate the increase in
serum MDA concentrations. It suggests that the liposomal lipids probably act as additional substrates
for lipid peroxidation and put blood antioxidant system under additional load. Even when the rats were
administered with liposomal antioxidants and serum antioxidant activity increased significantly, there
was no evident decrease in MDA concentrations.
Thus, the conducted studies showed fairly high efficacy of liposomal drug delivery in the treatment of
liver dysfunction caused by venous congestion. The use of experimental CLI let study not only serum
metabolic derangements but also liver tissue impairments and evaluate the efficacy of some liposomal
drugs. The administration of liposomal drugs, containing lecithin and cholesterol of 100 nm, can
restore damaged cell membranes. There is no doubt that the further study of liposomal effects is
necessary, but at this point it is already possible to declare that the use of liposomal drug delivery to
target diseased liver cells is highly promising.

5. CONCLUSIONS
1. The use of liposomal drugs demonstrates marked hepatoprotective activity in experimental
liver insufficiency due to venous congestion.
2. Empty liposomes are found to restore the structural integrity of a cell membrane and can be
regarded as a lecithin carrier.
3. Liposomal antioxidants delivery not only allows the treatment of liver dysfunction but also
reduces oxidative stress which is a critical phenomenon in chronic liver insufficiency.
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Abstract
The paper presents the problems of real parameter optimization of fermentation process mathematical
models. General and global optimisation methods are classified here and some short notes on the
comparison of different methods are shown. A typical test function, as well as two mathematical
models of E. coli MC4110 fed-batch fermentation processes are considered as case studies.
Considering used test function the results show that the all optimization methods, except Genetic
algorithms, get into the local minimum. Considering fermentation process models identification
simulation results reveal that accurate and consistent results can be obtained only using genetic
algorithms. The best result is obtained using the Multipopulation genetic algorithm.
Key words: fermentation process, optimization, genetic algorithms, mathematical models

1. INTRODUCTION
Within the broad field of nonlinear fermentation processes systems modelling and management
studies, the objective of global optimization is the analysis and application of [35]:
 nonlinear decision models that (may) possess multiple optimal solutions;
 suitable solution algorithms that are able to find the absolutely best (global) solution(s).
The dynamic modelling of the nonlinear fermentation processes systems is formulated as a reverse
problem, which requires a well-suited mathematical model and a very efficient computational method
to achieve the model structure and parameters. Numerical integration for differential equations and
finding global parameter values are still two major challenges in this field of the parameter estimation
of nonlinear dynamic fermentation processes systems.
The usage of optimization in engineering is getting larger every day as the computational capabilities
of the computers are increasing. Today calculations could be performed in a fraction of the time it took
just a couple of years ago. Therefore, the applications for numerical optimization have increased
dramatically. A great part of the design process is and will always be intuitive; however analytical
techniques as well as numerical optimization could be of great value and can permit vast improvement
in designs. Real engineering design problems are generally characterized by the presence of many
often conflicting and incommensurable objectives. This raises the issue about how different objectives
should be combined to yield a final solution. There is also the question on how to search for an
optimal solution to the design problem. This chapter presents a survey of some methods and
techniques to conduct numerical optimization in a parameter estimation context and different ways of
developing hybrids among them.
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2. METHODOLOGY
2.1. Problem formulation
2.1.1. Basic ingredients
Optimization problems are made up of three basic ingredients, namely an objective function, a set of
unknowns or variables and a set of constraints [49].

1. An objective function which should be minimized or maximized. For instance, in fitting
fermentation experimental data to a defined model, it might be to minimize the total deviation
of observed data from predictions based on the model. Almost all optimization problems have
a single objective function. The two interesting exceptions are [49]: No objective function
and Multiple objective functions.
2. A set of unknowns or variables which affect the value of the objective function. In the
manufacturing problem, the variables might include the amounts of different resources used or the
time spent on each activity. In fitting-the-data problem, the unknowns are the parameters that define
the fermentation process model.
3. A set of constraints that allows the unknowns to take on certain values but exclude others. For the
problem of fitting experimental data, it does not make sense to have a negative rate of growth or
negative production rate, so all the "time" variables have to be non-negative.
The optimization problem is then [49]: Find values of the variables that minimize or maximize the
objective function while satisfying the constraints.
2.1.2. Complexity of the problem

The complexity in solving fermentation models parameter estimation problems is dependent
on the following features [45, 46]: (i) The size p* of region of attraction of the global
minimum in relation to research region A; (ii) The affordable number of function evaluations
Nf; (iii) Embedded or isolated global minimisers; (iv) The number of local minimisers. The
discussion how these features influence on the complexity to obtain a solution is presented in [45, 46].
2.2. General optimization methods
As parameter estimation problems often consist of a mixture of numerical simulations, analytical
calculations and catalogue selections, there is no easy way of calculating derivatives of the objectives
function. Therefore, non-gradient optimization methods are better suited for these types of problems.
The classical numerical approaches, due to their local search scope, are not directly applicable to solve
general optimization problems. Therefore under such circumstances, it is essential to use a proper
global search strategy. Note also that, instead of 'exact' solutions, most typically one has to accept
diverse numerical approximations to the globally optimal solution (set) and optimum value [35].
Local search. Local search methods use local information, such as gradients and Hessian matrices, to
generate iterative points and attempt to locate constrained local minima quickly [48]. Local search
methods may not guarantee to find constrained local minima, and their solution quality is heavily
dependent on starting points. These constrained local minima are constrained global minima [34] only
if the objective function f(x) is convex, every inequality constraint gi(x) is convex, and every equality
constraint hi(x) is linear.
Global search. Global search methods employ local search methods to find constrained local minima
and, as they get stuck at local minima, utilize some mechanisms, such as multistart, to escape from
these local minima. Hence, one can seek as many local minima as possible and pick the best one as the
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result. These mechanisms can be either deterministic or probabilistic and do not guarantee to find
constrained global minima [48].
Global optimization. Global optimization methods are methods that are able to find constrained
global minima of constrained nonlinear problems. They can either hit constrained global minima
during their search or converge to constrained global minima when they stop. Global optimization is
the task of finding the absolutely best set of parameters to optimize an objective function. In general,
there can solutions that are locally optimal but not globally optimal [23, 33, 48].
Several classification schemes of the optimization methods could be used depending on which features
that are used in the classification. For example the optimization methods could be classified as follows
[14]: Unconstrained versus Constrained methods; Derivative versus Non-derivative methods;
Deterministic versus Stochastic methods; Local versus Global methods; Continuous versus Discrete
methods.
In the Section 2.2.1 and 2.2.2 a short review of Unconstrained and Constrained local search methods
are presented [3, 10, 14, 49]. A tentative classification of Global optimization methods are provided in
the Section 2.3 [14, 23, 32].
2.2.1. Unconstrained optimization
In the unconstrained optimization problem, a local minimiser of a real-valued function, f(x), where
x is a vector of n real variables is sought. In other words, a vector, x*, such that f(x*) <= f(x)
for all x close to x* is sought [10, 14, 18, 49].
Global optimization algorithms try to find an x* that minimizes f over all possible vectors x. This is a
much harder problem to solve. For many applications, local minima are good enough, particularly
when the user can draw based on experience and provide a good starting point for the algorithm.
Newton method gives rise to a wide and important class of algorithms that require computation of the
 1 f  x  


gradient vector f  x      and the Hessian matrix,  2 f  x     j i f  x  [24].
  f  x
 n

Newton method forms a quadratic model of the objective function around the current iterate xk . The
model function is defined by [18, 49]:
T

qk  s   f  xk   f  xk  s 

1 T 2
s  f  xk  s
2

(1)

Convergence is guaranteed if the starting point is sufficiently close to a local minimiser x* at which
the Hessian is positive definite. Moreover, the rate of convergence is quadratic, that is,
2

xk 1  x *   xk  x * , for some positive constant . In most circumstances, however, the basic
Newton method has to be modified to achieve convergence. Some of these modified methods are [10,
18, 49]: Line-search variant, Trust-region variant and Truncated Newton methods.
So far, it is assumed that the Hessian matrix is available, but the algorithms are unchanged if the
Hessian matrix is replaced by a reasonable approximation. Two kinds of methods use approximate
Hessians in place of the real thing [18, 49]: Difference approximations and Quasi-Newton methods.
Finally, two other approaches for unconstrained problems that are not so closely related to Newton
method are mentioned [18, 49]: Nonlinear conjugate gradient methods and the nonlinear Simplex
method.
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Nonlinear least squares and systems of nonlinear equations are the two basic unconstrained
algorithms [49].
Nonlinear Least Squares: The nonlinear least squares problem has the general form
2
1
min r  x  : x n  , where r is the function defined by r  x   f  x  2 for some vector-valued
2
function f that maps to  n to  m [3, 28, 49]. Least squares problems often arise in data-fitting
applications. Suppose that some physical or economic process is modelled by a nonlinear function 
that depends on a parameter vector x and time t. If bi is the actual output of the system at time ti, then
the residual  (x, ti) - bi measures the discrepancy between the predicted and observed outputs of the
system at time ti. A reasonable estimate for the parameter x may be obtained by defining the i-th
component of f by fi(x) =  (x, ti) - bi, and solving the least squares problem with this definition of f.
Some of the methods that used nonlinear least squares are [28, 49]: Gauss-Newton method,
Levenberg-Marquardt method and Hybrid methods.
An algorithm that is particularly suited to the small-residual case is the Gauss-Newton algorithm, in
which the Hessian is approximated by its first term. The Levenberg-Marquardt algorithm can be
thought of as a trust-region modification of the Gauss-Newton algorithm. The Levenberg-Marquardt
algorithm has proved to be an effective and popular way to solve nonlinear least squares problems.
The Gauss-Newton and Levenberg-Marquardt algorithms usually exhibit quadratic convergence for
zero-residual (r(x*) = 0) problems. Otherwise, the convergence is only linear. It would seem that
something could be gained by treating a nonlinear least squares problem as a general unconstrained
minimization problem and applying Quasi-Newton algorithms to it, since Quasi-Newton algorithms
are superlinearly convergent. For example, a simple hybrid strategy combines the Gauss-Newton and
BFGS Quasi-Newton algorithms [18, 49].
Systems of nonlinear equations: Systems of nonlinear equations arise as constraints in optimization
problems, but also arise, for example, when differential and integral equations are discretized. In
solving a system of nonlinear equations, a vector such that f(x) = 0 where x is an n-dimensional –
of n variables is sought. Most algorithms in this section are closely related to algorithms for
unconstrained optimization and nonlinear least squares. Indeed, algorithms for systems of nonlinear
equations usually proceed by seeking a local minimiser to the problem min f  x  : x   n for some





norm
, usually the 2-norm. This strategy is reasonable, since any solution of the nonlinear
equations is a global solution of the minimization problem.
Some of the methods that solved nonlinear equations are [49]: Trust Region and Line-search methods,
Truncated Newton method, Broyden method, Tensor methods, Homotopy and Continuation methods.
2.2.2. Constrained optimization
The general constrained optimization problem is to minimize a nonlinear function subject to nonlinear
constraints [13, 14]. Two equivalent formulations of this problem are useful for describing algorithms
[49]. They are:

min  f  x  : ci  x   0, i  , ci  x   0, i  ,

(2)

where each ci is a mapping from  n to  , and  and  are index sets for inequality and equality
constraints, respectively;
and

min  f  x  : c  x   0, l  x  u ,
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where c maps  n to  m , and the lower- and upper-bound vectors, l and u, may contain some infinite
components.
Nonlinearly constrained optimization
The main techniques that have been proposed for solving nonlinear constrained optimization problems
are [13, 14, 49]: Reduced-gradient methods, Sequential linear and Quadratic programming methods,
methods based on augmented Lagrangians and Exact penalty functions.
The Sequential quadratic programming (SQP) algorithm is a generalization of Newton method for
unconstrained optimization in that it finds a step away from the current point by minimizing a
quadratic model of the problem. The convergence properties of the basic SQP algorithm can be
improved by using a line search [13, 49]. Augmented Lagrangian algorithms are based on successive
minimization of the augmented Lagrangian with respect to x. This approach is relatively easy to
implement because the main computational operation at each iteration is minimization of the smooth
Lagrangian function with respect to x, subject only to bound constraints [4, 49]. Reduced-gradient
algorithms avoid the use of penalty parameters by searching along curves that stay near the feasible
set. Essentially, these methods take the formulation (5.3) and use the equality constraints to eliminate a
subset of the variables, thereby reducing the original problem to a bound-constrained problem in the
space of the remaining variables [20, 49]. Finally, Feasible sequential quadratic programming
(FSQP) algorithms is mentioned, which, as their name suggests, constrain all iterates to be feasible.
They are more expensive than standard SQP algorithms, but they are useful when the objective
function is difficult or impossible to calculate outside the feasible set, or when termination of the
algorithm at an infeasible point is undesirable [49].
Bound-constrained optimization
Bound-constrained optimization problems play an important role in the development of software for
the general constrained problem because many constrained codes reduce the solution of the general
problem to the solution of a sequence of bound-constrained problems [49].
Algorithms for the solution of bound-constrained problems seek a local minimiser x* of f. The
standard first-order necessary condition for a local minimiser x* can be expressed in terms of the
binding set B  x *  i : xi *  li , i f  x *  0  i : xi *  ui , i f  x *  0 at x* by requiring that

 i f  x *  0, i  B  x * .
Some of the algorithms for the solution of bound-constrained problems are [49]: Newton methods and
Gradient-projection methods.
Quadratic programming
The quadratic programming problem involves minimization of a quadratic function subject to linear
constraints [49]. Most codes use the formulation

1

min  x T Qx  cT x : aiT x  bi , i  , aiT x  bi , i  ,
2



(4)

where Q nn is symmetric, and the index sets  and  specify the inequality and equality
constraints, respectively.
The difficulty of solving the quadratic programming problem depends largely on the nature of the
matrix Q. In convex quadratic programs, which are relatively easy to solve, the matrix Q is positive
semidefinite. If Q has negative eigenvalues – nonconvex quadratic programming – then the objective
function may have more than one local minimiser.
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Linear programming
The basic problem of linear programming is to minimize a linear objective function of continuous real
variables, subject to linear constraints [14, 49]. For purposes of describing and analyzing algorithms,
the problem is often stated in the standard form min cT x : Ax  b, x  0 , where x  n is the vector
of unknowns, c  n is the cost vector and A  m n is the constraint matrix. The feasible region
described by the constraints is a polytope, or simplex, and at least one member of the solution set lies
at a vertex of this polytope [49]. The Simplex algorithm, so named because of the geometry of the
feasible set, underlies the vast majority of available software packages for linear programming.
However, this situation may change in the future, as more software for Interior-point algorithms
becomes available [49].
The Simplex method generates a sequence of feasible iterates by repeatedly moving from one vertex of
the feasible set to an adjacent vertex with a lower value of the objective function c T x . When it is not
possible to find an adjoining vertex with a lower value of c T x , the current vertex must be optimal, and
termination occurs. Algebraically speaking, the simplex method is based on the observation that at
least (n – m) of the components of x are zero if x is a vertex of the feasible set. Accordingly, the
components of x can be partitioned at each vertex into a set of m basic variables – all nonnegative –
and a set of (n – m) nonbasic variables – all zero. If the basic variables are gathered into a subvector,
xB m , and the nonbasics into another subvector, xN n m , the columns of A could be partitioned
as  B N  , where B contains the m columns that correspond to x B [49]. Interior-point products have
emerged and have proven to be competitive with, and often superior to, the best simplex packages,
especially on large problems. Recent research has shown the Primal-dual interior-point algorithms to
be the most promising from a practical point of view, as well as the most amenable to theoretical
analysis [49].
Semidefinite programming
The (linear) semidefinite programming problem (SDP) is essentially an ordinary linear program where
the nonnegativity constraint is replaced by a semidefinite constraint on matrix variables [49]. The
standard form for the primal problem is min C X subject to Ak X  bk ,  k  1,..., m  , X  0 , where C,
Ak and X are all symmetric n  n matrices, bk is a scalar, and the constraint X  0 means that X, the
unknown matrix, must lie in the closed, convex cone of positive semidefinite. Here, refers to the
standard inner product on the space of symmetric matrices, i.e. for symmetric matrices A and B,

A B  trace  AB  . The dual version of the problem is max bT y subject to

m

y A
k

k

 Z  C, Z  0 ,

k 1

where the dual variable y is an m-vector of Lagrange multipliers corresponding to the equality
constraints in the primal, and Z is a symmetric n  n dual slack matrix.
2.3. Global optimization methods
To solve the global optimization (GO) problem in a strict mathematical sense means to find the
complete set of globally optimal solutions x*, and the associated global optimum value f* = f(x*). In
most cases this ‘ambitious’ objective is needed to be replaced by finding a verified estimate of f*, and
corresponding approximation(s) of points from the set x*. Note that in many practical contexts the set
of global optimizers consists (only) of a single point, or of a finite collection of points. On one hand, a
very general search strategy should work for all cases covered – albeit its efficiency might be low for
specialized problems. On the other hand, strictly specialized solvers will not work (as a rule) for
problem-classes outside of their scope.
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At present, there exist several main classes of algorithmic global optimization approaches that possess
strong theoretical convergence properties. However, all such rigorous approaches have an inherent
computational demand that increases exponentially, as a function of problem-size, even in case of the
simplest GO problem instances. A brief review of elements of global optimization methods and a
tentative classification of GO methods are provided below [23, 32]. Note that the list is not complete
and its items are not necessarily mutually exclusive.
2.3.1. Elements of global optimization methods
All methods will evaluate the function f(x) in some points x1, ..., xn in A, and they differ only in their
choice of these points.
Strategies in choosing points. Due to there is no information about where in A to find the global
minimum, one strategy that must be used is to spread out some of the points to cover A [45]. Any
realization of this strategy is called a global technique. A possible global technique is uniform
sampling. Any serious GO method must use some global technique. Given a point x it is normally
possible to find a nearby point with a smaller function value. Any technique realizing this is called a
local technique. A possible local technique is local optimization. Any serious GO method will use
local optimization, at least to improve upon the estimates of the global minimum found.
Stopping conditions and solvability. In any computer algorithm there must be some stopping
condition, which after some finite number of computing steps stops the computation. The condition
should of course relate to the quality of the solution achieved. This is a very crucial point in global
optimization. Without some additional information or assumptions about the problem there is no way
to decide on the quality of the solution after a given number of steps (e.g. number of function
evaluations made) [45].
Convergence with probability one. Because convergence is not in general possible, the ambition
might be get lower and only to require convergence with probability 1. This is of course possible only
for algorithms that can be made to run forever [45].
2.3.2. Global optimization strategies
Branch and bound
Branch and bound is a general search method [23, 25, 32, 35, 45, 46]. To apply branch and bound, one
must have a means of computing a lower bound on an instance of the optimization problem and a
means of dividing the feasible region of a problem to create smaller subproblems. There must also be a
way to compute an upper bound (feasible solution) for at least some instances. For practical purposes,
it should be possible to compute upper bounds for some set of nontrivial feasible regions.
Multistart and clustering methods
These methods are estimating the global minimum by finding local minima. Clustering global
optimization methods can be viewed as a modified form of the standard multistart procedure, which
performs a local search from several points distributed over the entire search domain. A drawback of
multistart is that when many starting points are used the same local minimum may be identified
several times, thereby leading to an inefficient global search. Clustering methods attempt to avoid this
inefficiency by carefully selecting points at which the local search is initiated. Clustering methods are
more efficient and robust than multistart methods because they try to identify the vicinity of local
optima, thus increasing efficiency by avoiding the repeated determination of the same local solutions
[23, 31, 45, 46, 47]
Evolutionary algorithms
Evolutionary algorithms (EA) are also known as biologically inspired methods, or population-based
stochastic methods [9, 14, 23, 31, 35]. This is a very popular class of methods based on the ideas of
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biological evolution [15], which is driven by the mechanisms of reproduction, mutation, and the
principle of survival of the fittest. Similarly to biological evolution, evolutionary computing methods
generate better and better solutions by iteratively creating new “generations” by means of those
mechanisms in numerical form. Several different types of evolutionary search methods were
developed independently. These include:
 Genetic programming, which evolve programs;
 Evolutionary programming [16], which focuses on optimizing continuous functions
without recombination;
 Evolutionary strategies [5, 23, 35, 43], which focuses on optimizing continuous functions
with recombination;
 Genetic algorithms (GAs) [22, 23, 26, 29, 35, 45, 46], which focuses on optimizing general
combinatorial problems.
Evolutionary algorithms differ from more traditional optimization techniques in that they involve a
search from a "population" of solutions, not from a single point. Each iteration of an EA involves a
competitive selection that weeds out poor solutions. The solutions with high "fitness" are
"recombined" with other solutions by swapping parts of a solution with another. Solutions are also
"mutated" by making a small change to a single element of the solution [23].
Genetic algorithms
GAs and the closely related evolutionary strategies are a class of non-gradient methods. The basic idea
of GAs is the mechanics of natural selection. Each optimization parameter, (xn), is coded into a gene as
for example a real number or string of bits. The corresponding genes for all parameters, x1, …, xn, form
a chromosome, which describes each individual. A chromosome could be an array of real numbers, a
binary string, a list of components in a database, all depending on the specific problem. Each
individual represents a possible solution, and a set of individuals form a population. In a population,
the fittest are selected for mating. Mating is performed by combining genes from different parents to
produce a child, called a crossover. Finally the children are inserted into the population and the
procedure starts over again, thus representing an artificial Darwinian environment, depicted in Fig. 1
below. The optimization continues until the population has converged or the maximum number of
generations has been reached.
The popularity of GAs has grown tremendously under recent years and they have been applied to a
wide range of engineering problems, see for example [1, 6, 7, 17, 32, 40, 41]. There is also an
abundance of different type of GAs such as simple GAs, steady state GAs, GAs with multiple
populations [36, 42], GAs with crowding and sharing techniques, and many, many more [2]. The
different GAs have different features in order to solve different type of problems. GAs are very robust
and can handle all type of fitness landscapes and mixture of real and discrete parameters [44].
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Simulated annealing
Simulated annealing is another extremely popular class of methods [23, 31, 35, 45, 46]. These
methods were created by simulating certain natural phenomena taking place in, for example, the
cooling of metals, where atoms adopt the most stable configuration as slow cooling of a metal takes
place [27]. The concept of the method is based on the manner in which liquids freeze or metals
recrystalize in the process of annealing. In an annealing process a melt, initially at high temperature
and disordered, is slowly cooled so that the system at any time is approximately in thermodynamic
equilibrium. As cooling proceeds, the system becomes more ordered and approaches a "frozen"
ground state at T = 0. Hence the process can be thought of as an adiabatic approach to the lowest
energy state. If the initial temperature of the system is too low or cooling is done insufficiently slowly
the system may become quenched forming defects or freezing out in metastable states (i.e. trapped in a
local minimum energy state).

Initialize
population
Select parents
for mating

Create offspring,
crossover and mutation

Fitness
evaluation
Insert offspring
into population

Stop criteria
meet?

Fig. 1. An algorithm for a simple GA.

Other meta-heuristics
Several stochastic methods have been presented during recent years that are mostly based on other
biological or physical phenomena, and with combinatorial optimization as their original domain of
application. Examples of these more recent methods are Tabu search (TS), Ant colony optimization
(ACO), and Particle swarm methods [31]. A thorough review of these and other recent techniques can
be found in [8, 14].
Tabu search. The essential idea is to “forbid” search moves to points already visited in the (usually
discrete) search space, at least for the upcoming few steps [23, 35]. In TS philosophy, one can
temporarily accept new inferior solutions, to avoid paths already investigated. This approach can lead
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to exploring new regions, with the goal of avoiding local minima and ultimately finding a solution by
“globalized” search [21, 35].
Ant colony optimization. ACO studies artificial systems that take inspiration from the behaviour of real
ant colonies and which are used to solve discrete optimization problems [11, 12]. Real ants are capable
of finding shortest path from a food source to the nest without using visual cues. Also, they are
capable of adapting to changes in the environment, for example finding a new shortest path once the
old one is no longer feasible due to a new obstacle.
Adaptive stochastic search algorithms
This is another comprehensive class of approaches, based upon random sampling in the feasible set
[14, 31, 37, 45, 46]. Adaptive stochastic methods (or Adaptive random search) were originally
developed in the domains of electrical and control engineering and applied mathematics. In its basic
form, it includes various random search strategies that are convergent (with probability one).
Parameter adjustment, clustering and deterministic solution refinement options, statistical stopping
rules, etc. can be added as enhancements.
Statistical global optimization algorithms
Statistical global optimization algorithms employ a statistical model of the objective function to bias
the selection of new sample points. These methods are justified with Bayesian arguments that suppose
that the particular objective function that is being optimized comes from a class of functions that is
modelled by a particular stochastic function. Information from previous samples of the objective
function can be used to estimate parameters of the stochastic function, and this refined model can
subsequently be used to bias the selection of points in the search domain [23, 45, 46]. Bayesian
methods (P-algorithms) [30] are based upon some chosen a priori information, to enable a stochastic
description of the function-class modelled. During optimization, the problem-instance characteristics
are adaptively estimated and updated. Note that, typically only the one-dimensional model
development is exact; further, that in most practical cases “myopic” approximate decisions govern the
search procedure [14, 23, 35, 45, 46].
Hybrid methods
There are a wide range of hybrid global optimization algorithms that have been developed. Some of
hybrid algorithms that can be useful are [23, 50]:

Mixed Integer Nonlinear Programming (MINLP). MINLP refers to mathematical
programming algorithms that can optimize both continuous and integer variables, in a context of
nonlinearities in the objective function and/or constraints [14, 23].

Tree Annealing. Simulated annealing was designed for combinatorial optimization, usually
implying that the decision variables are discrete [23]. A variant of SA called Tree annealing was
developed to globally minimize continuous functions.

Pipelining hybrids. The simplest and most straightforward way of implementing hybrids is
to do in sequentially. First, one starts with exploring the whole search space with a method that is like
to identify global optima but perhaps with slow convergence. After identifying promising regions, one
could switch to a method with higher convergence rate in order to speed up the search.

Asynchronous hybrids. In Asynchronous hybrids different methods work on different
subsets of the solution space. The different methods might work on a subset of a shared population for
some iterations. With this approach, a method that converges slowly could be combined with one that
converges faster, or a method that performs well on one subset of the search space could be combined
with method that performs well on another subset.
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Hierarchical hybrids. In Hierarchical hybrids, different optimization methods are applied
at different levels of the optimization. On an overall level, you can apply a robust optimization
strategy to find an optimal layout. At lower levels, where the system might be less complex and
sensitive it might more appropriate to employ for instance pure analytical methods.

Additional operators. In the literature they are many examples of hybrids between different
optimization methods where operators from one method are added to or even replacing the standard
operators of the other method. For instance, Yen et al. [50] have introduced a Simplex method as a new
way of generating children in a GA. At each iteration a certain percentage of the population is
generated by employing a simplex method on group of promising individuals. The rest of the
population is generated using the usual genetic operators. Many variations of the Simple GA, as
presented by Goldberg [22], can be found in the literature. All these modifications and hybridizations
have been motivated by a desire to improve the performance of the GAs, and to adapt it to particular
problem domains. It is known that in the Simple GA the best chromosome does not always keep on
improving in each generation. A Modified GA that prevents this disadvantage is proposed in [38, 39].
3. RESULTS AND DISCUSSION
Parameter estimation problem is clearly about making many decisions often under uncertainty and
with multiple conflicting criteria. In order to solve such a problem a variety of different optimization
methods are available. As each optimization method has different properties suited for different type
of problems, there is no simple answer to which method to use for a particular problem. It is all a
matter of opinion; very much depending on the nature of the problem and the availability of different
optimization software that fits the problem statement. However, if the problem is very complex with a
mixture of continues and discrete variables and simultaneously there is no knowledge about the
objective space, a robust method such as GA might be the best choice. As the design problem is
multiobjective these objectives somehow has to be combined in order to yield one final solution.
In most comparison studies different methods come out on top depending on the problem and how
well the different methods have been tuned to fit that particular problem. One should rightfully suspect
that the optimization methods performance on one test problem might not be representative of their
performance on other problems. It will therefore prove useful to have available not just one, but a set
of test problems. The three test problems described below are very hard global optimization problems,
on which most conventional optimization algorithms would fail.
The following optimization methods are compared: Simple GA; Multipopulation GA and Modified GA;
as well as the methods available in Matlab: Sequential quadratic programming method; Nelder-Mead
Simplex method; BFGS Quasi-Newton method; Steepest descent and Minimax method.
The Matlab implementation is considered of optimization procedures for all considered tests. The
computations are performed using a PC/Pentium IV (3 GHz) platform running Windows XP. All
methods are compared based on following criteria: number of iterations, CPU time, parameters value
and function value.
3.1. Maximization a function of two variables
Test function, shown on Fig. 2, is a 2-D landscape to be maximized. It is defined by [7]:


r2 
r22 
f ( x1 , x2 )  0.8exp   1 2   0.879008exp  
, where
2 
 (0.3) 
 (0.03) 

(5)

r12  ( x2  0.5)2  ( x2  0.5) 2 , r22  ( x2  0.6) 2  ( x2  0.1) 2 .

(6)
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The maximum f(х1, х2) = 1 is at (х1, х2) = (0.6, 0.1) and corresponds to the peak of the second,
narrowed Gaussian. The test function is a hard global optimization problem. There are only two local
maxima, with the global maximum covering about 1% of parameter space. For this function moving to
the secondary maximum pulls solutions away from the global maximum.
Detailed results of function optimization are given in Table 1. Time variations of f(x1, x2), as well as
parameters variation are presented in Fig. 3 – Fig. 5.

1

0.6

1

2

f(x ,x )

0.8

0.4
0.2
0
1
1
0.8

0.5

0.6
0.4

x2

0

0.2
0

x1

Fig. 2. Test function.
Table 1. Optimization results
Method
Sequential quadratic
programming
Simplex method
Steepest descent
Quasi-Newton
method
Minimax method
Simple GA
Multipopulation GA
Modified GA

Number of
iterations
33
33
68
74
27
27
27
27
55
55
30
30
30

CPU time, s
0.237
0.219
0.547
0.593
0.441
0.456
0.203
0.250
0.437
0.178
0.687
1.594
0.609

Starting
point
[0 0]
[1 1]
[0 0]
[1 1]
[0 0]
[1 1]
[0 0]
[1 1]
[0 0]
[1 1]
—
—
—

Value
х1
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.6
0.6
0.6

х2
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.1
0.1
0.1

f(х1, х2)
0.8
0.8
0.8
0.8
0.8
0.8
0.8
0.8
0.8
0.8
1.0
1.0
1.0

As it can be seen from the results (Table 1) only GAs are able to find the global extremum. Modified
GA finds the decision after total computation time of 0.609 s. The rest of methods get into the local
extremum.
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Results from Optimization
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Fig. 3. Sequential quadratic programming.
Results from Optimization

Results from Opt imizat ion

1.2

0.8
paramet er x 1

1.1

paramet er x 2

0.7

1
0.6
0.5

0.8

f(x1,x 2)

Parameters

0.9

0.7

0.4

0.6

0.3

0.5
0.2
0.4
0.1

0.3
0.2

0
0

10

20

30
40
It erat ions

50

60

70

a) time variation of x1 and x2

0

10

20

30
40
Function evaluation

50

60

70

b) time variation of f(x1, x2)

Fig. 4. Simplex method.
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Fig. 5. Modified GA.
3.2. Parameter estimation of a nonlinear fed-batch fermentation model
The mathematical formulation of a nonlinear fed-batch fermentation model is described according to
the mass balance as follows:

dX
S
F
= μmax
X X
dt
kS  S
V

(7)

dS
1
S
F
=
μmax
X +  Sin  S 
dt
YX / S
kS  S
V

(8)

dV
F,
dt

(9)
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where: X is biomass concentration, [g/l]; S – substrate concentration, [g/l]; F – feeding rate, [l/h];
V – bioreactor volume, [l]; Sin –substrate concentration in the feeding solution, [g/l];
 max – maximum value of the specific growth rate, [h-1]; k S – saturation constant, [g/l]; YS / X – yield
coefficient, [g/g].
In this case generated data for state variables X and S are used. The data are obtained based on the
following values of model parameters:  max = 0.55 h-1, k S = 0.01 g/l, 1 / YS / X = 2.00 g/g. Substrate
concentration in the feed is 100 g/l. The initial values of variables are: X(0)=1.25 g/l, S(0) = 0.81 g/l
and V(0) = 1.35 l.
Parameter estimation problem of presented nonlinear dynamic system is stated as the minimization of
a distance measure J between generated and model predicted values of the considered state variables
(X and S):
n

n

2

2

J    X gen  i   X mod  i     S gen i   S mod  i    min ,
i 1

(10)

i 1

where Xgen and Sgen are generated data; Xmod and Smod are model predicted data.
Due to the solution quality of Sequential quadratic programming, Simplex method, Steepest descent,
Quasi-Newton and Minimax method is heavily dependent on starting points, different starting points
are here examined. Detailed results of parameter optimization are given in Table 2. Time variations of
the criterion, as well as parameters variation are presented in Fig. 6 – Fig. 8. Figures present results
using some of methods, namely Sequential quadratic programming method, Simplex method and
Quasi-Newton method. The results show that the all methods, except GAs, get into the local minimum
(J = 3.3*10-3). Still more there are conditions that some of methods could not find an appropriate or
any decision (see Table. 2). In contrast to these results, the GAs find the decision with high accuracy.
Using Modified GA the objective function obtain the value of J = 1.007*10-4.
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Fig. 6. Sequential quadratic programming (+80%).
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Table 2. Optimization results

+80%
-80%
+80%
-80%
+20%
-20%
+80%
-80%
+10%
-10%
+80%
-80%
+80%
-80%

Number of
iterations
69
65
269
253
—
1502
1505
—
1505
40
1504
—
99
306

CPU
time, s
3.125
3.000
12.000
11.218
—
67.031
126.891
—
68.141
1.829
864.359
—
4.656
14.070

—

200

81.359

—
—

Method
Sequential quadratic
programming
Simplex method

Steepest descent

Quasi-Newton
method
Minimax method
Simple genetic
algorithm
Multipopulation
GA
Modified genetic
algorithm

Parameter value

J

 max

kS

1 / YS / X

0.0033
0.0033
0.0033
0.0033
—
0.0033
1.58е+03
—
17.1009
0.0033
88.2164
—
0.0033
0.0033

0.5506
0.5506
0.5506
0.5506
—
0.5506
0.001е+03
—
0.4973
0.5506
0.9256
—
0.5506
0.5506

0.0101
0.0101
0.0101
0.0101
—
0.0101
0
—
0.0015
0.0101
-0.1101
—
0.0101
0.0101

1.9999
1.9999
1.9999
1.9999
—
1.9999
0.004е+03
—
2.0994
1.9999
1.8333
—
1.9999
1.9999

2.161е-04

0.5495

0.0098

1.9999

200

110.156 1.417е-04

0.5497

0.0101

1.9999

200

75.000

0.5499

0.0100

2.0000
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Fig. 7. Quasi-Newton method (-10%).
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5.4.3. Parameter estimation of fed-batch fermentation model of E. coli MC4110
The cultivation condition of the fed-batch cultivation of E. coli and the experimental data are
presented in [19]. The mathematical formulation of the nonlinear dynamic model of E. coli cultivation
is described according to the mass balance as follows:

dX
S
F
= μmax
X X
dt
kS + S
V

(11)

dS
1
S
F
=
μmax
X +  Sin  S 
dt
YS/X
kS + S
V

(12)

dA
1
S
F

μmax
X A
dt YA/X
kS + S
V

(13)

dV
F,
dt

(14)

where: X is biomass concentration, [g/l]; S – substrate concentration, [g/l]; A – acetate concentration,
[g/l]; F – feeding rate, [l/h]; V – bioreactor volume, [l]; Sin – substrate concentration in the feeding
solution, [g/l];  max – maximum specific growth rate, [h -1]; kS – saturation constant, [g/l]; YS/X and YA/X
– yield coefficients, [g/g].
As it shown, the model consisted of a set of four differential Eqs. ((11) - (14)) thus represented: three
dependent state variables – x = [X S A] and four parameters – p = [  max kS YS/X YA/X]. Parameter
estimation problem of the system (11) - (14) is stated as the minimization between experimental and
model predicted values of the considered state variables:
n

2

n

2

n

2

J    X exp  i   X mod i     S exp i   S mod i     Aexp  i   Amod  i    min
i 1

i 1

(15)

i 1

where N is the number of data for each state variable; Xexp, Sexp and Aexp represent the known
experimental data; Xmod, Smod and Amod are model predictions with a given set of the parameters.
Off-line measurements of biomass and acetate concentrations and on-line measurements of the glucose
concentration are used for the estimation of model parameters [19]. A parameter identification using
Multipopulation GA, Quasi-Newton method, Simplex Search and Steepest Descent methods is
performed. Detailed results for values of considered criteria (objective function value J, number of
iterations, parameter values and CPU time) are given in Table 3. The model predictions of the state
variables, based on four sets of search parameters are compared to experimental data points of E. coli
cultivation. The simulation results are presented in Fig. 9.
The results show that the estimated values of the considered parameters are admissible [19]. In the
most cases, graphical comparisons clearly show the existence or absence of systematic deviations
between model predictions and measurements. It is evident that a quantitative measure of the
differences between calculated and measured values is an important criterion for the adequacy of a
model. The best result (J = 5.2529) is obtained using the Multipopulation GA after total computation
time of 16.83 min. The second best search method is the Simplex search method, which converged to a
value of J = 5.9167. This result is 13% worst than the result obtained using Multipopulation GA.
Concerning biomass and glucose prediction once again it could be seen that the Simplex search has
achieved very good results, close to Multipopulation GA results, but the prediction of acetate
concentration is not satisfactory (see Fig. 9 c).
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Table 3. Optimization results
Number of
iterations
766
248
150
523

Method
Quasi-Newton method
Simplex Search
Multipopulation GA
Steepest descent

CPU time, s

J

2.6196e+003
0.8091e+003
1.0098e+003
2.08871e+003

2.3633e+003
5.9167
5.2529
3.2895e+003

Parameter value
 max kS
1 / YS / X
0.47 0.014 0.67
0.52 0.028 0.49
0.53 0.029 0.49
0.39 0.02 0.33

1.2
Experimental data set
Parameter set 1 (Simplex Search)
Parameter set 2 (Gauss-Newton)
Parameter set 3 (Steepest Descent)
Parameter set 4 (Multipopulation GA)

8

1
Glucose concent ration, [ g/ l]

Biomass concentration, [g/l]
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Experimental dat a set
Parameter set 1 (Simplex Search)
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Fig. 9. Time profiles of the state variables.
As it can be seen from the simulation results, the Multipopulation GA and the Simplex search method
have achieved almost equal results about description of biomass and substrate variation (Fig. 9 a and
b). However, the Simplex search could not find appropriate solution for acetate (Fig. 9 c). The results
also reveal an interesting fact. The Steepest descent gives a satisfactory result for the acetate fit.
Unfortunately this method is failed in the modelling of biomass and substrate. The presented graphical
results show that only Multipopulation GA coping with the present problem. It is worth to note the
very good correlation between the experimental and predicted data.
The presented solutions of considered three problems show that no one of the algorithms tested could
reach the vicinity of the GAs solutions, especially for the problem of parameter estimation of
fermentation processes models. This is a clear sign of the very challenging nature of these problems.
Because of the nonlinear and constrained nature of the system dynamics, the parameter estimation
problems are very often multimodal (nonconvex). Therefore, if this inverse problem is solved via
standard local methods, such as the standard Quasi-Newton method, it is very likely that the solution
found will be of local nature.

4. CONCLUSION
The concurrent nature implies that GAs are much more likely to locate a global peak than the
traditional techniques. The conventional search methods work extremely well provided it knows
where to start. In the problem considered here the proper initial values of parameters are unknown.
Due to the parallel nature of the genetic algorithm, the performance is much less sensitive to the initial
conditions. In fact, GAs make hundreds, or even thousands, of initial guesses. Compared with
traditional optimization methods, GA simultaneously evaluates many points in the parameter space. It
is more probable to converge towards the global solution. A GA does not assume that the space
is differentiable or continuous and can also iterate many times on each data received. A GA
requires only information concerning the quality of the solution produced by each parameter set
(objective function value information). This characteristic differs from optimization methods that
require derivative information or, worse yet, complete knowledge of the problem structure and
parameters. Since GAs do not demand such problem-specific information, they are more flexible than
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most search methods. Also GAs do not require linearity in the parameters which is needed in
iterative searching optimization techniques. Simulation results reveal that accurate and consistent
results can be obtained using GAs. The GAs property makes them suitable and more applicable for
parameter estimation of fermentation processes models.
ACKNOWLEDGEMENTS:
The present work is supported by the Bulgarian National Science Fund (grants № DMU 02/4, 2009
and DID 02-29/2009).

REFERENCES
1. Alander, J. T. (1996) Genetic Algorithms and Other “Natural” Optimisation Methods to Solve
Hard Problems – A Tutorial Review, available at ftp.uwasa.fi/cs/report96-1.
2. Bäck, T. (1993) An Overview of Evolutionary Algorithms for Parameter Optimisation,
Evolutionary Computation, , 1, pp. 1-23.
3. Bates, D.M., D.G. Watts (1988) Nonlinear Regression Analysis and Its Applications, John
Wiley&Sons, Inc., New York.
4. Bertsekas, D.P. (1982) Constrained Optimisation and Lagrange Multiplier Methods, Academic
Press, New York.
5. Beyer, H.G., H.P. Schwefel (2002) Evolution Strategies – A Comprehensive Introduction,
Natural Computing, 1, pp. 3-52.
6. Carrillo-Ureta, G.E., P.D. Roberts, V.M. Becerra (2001) Genetic Algorithms for Optimal
Control of Beer Fermentation. Proceedings of the 2001 IEEE International Symposium on
Intelligent Control, Mexico City, Mexico, pp. 391-396.
7. Charbonneau, P. (2002) An Introduction to Genetic Algorithms for Numerical Optimisation,
NCAR Technical Note, Boulder, Colorado.
8. Corne, D., M. Dorigo, F. Glover (1999) New Ideas in Optimisation, McGraw-Hill, New York.
9. Daspupta, D., Z. Michalewicz (1996) Evolutionary Algorithms in Engineering Applications,
Springer-Verlag.
10. Dennis, J.E., R.B. Schnabel (1983) Numerical Methods for Unconstrained Optimisation and
Nonlinear Equations, Prentice Hall, Englewood Cliffs, NJ.
11. Dorigo, M., G. Di Caro (1999) The Ant Colony Optimisation Meta-heuristic, D. Corne, M.
Dorigo, F. Glover (Eds), New Idea in Optimisation, McGrow-Hill, pp. 11-32.
12. Fidanova, S. (2002) Ant Colony Optimisation: Additional Reinforcement and Convergence.
Tech. report IRIDIA-2002-30, Free university of Bruxelles, Belgium, pp. 12.
13. Fletcher, R. (1987) Practical Methods of Optimisation, 2nd edition, John Wiley &Sons, Inc.,
New York.
14. Floudas, C., P.M. Pardalos (2003) Encyclopedia of Optimisation, Kluwer Academic, available
at http://reference. kluweronline.com/.
15. Fogel, D. B. (2000) Evolutionary Computation: Toward a New Philosophy of Machine
Intelligence, IEEE Press, New York.

75

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
16. Fogel, L.J., A.J. Owens, M. J. Walsh (1966) Artificial Intelligence through Simulated
Evolution, Wiley, New York.
17. Fonseca, C.M., P.J. Fleming (1998) Multiobjective optimisation and Multiple Constraint
Handling with Evolutionary Algorithms – Part II: Application Example, IEEE Transactions on
Systems, Man, and Cybernetics, Part A: Systems and Humans, 28, pp. 38-47.
18. Frandsen, P.E., K. Jonasson, H.B. Nielsen, O. Tingleff (2004) Unconstrained Optimisation, 3th
edition, Informatics and Mathematical Modelling, Technical University of Denmark.
19. Georgieva, O., M. Arndt, B. Hitzmann (2001) Modelling of Escherichia coli Fed-batch
Fermentation, International Symposium “Bioprocess Systems 2001 – BioPS’01”, Sofia, Bulgaria,
October 1-3, pp. I.61-I.64.
20. Gill, P.E., W. Murray, M.H. Wright (1981) Practical Optimisation, Academic Press, New York.
21. Glover, F., M. Laguna (1993) Tabu Search, Modern Heuristic Techniques for Combinatorial
Problems, C. R. Reeves editor, John Wiley & Sons, Inc.
22. Goldberg, D.E. (1989) Genetic Algorithms in Search, Optimisation and Machine Learning,
Addison Wesley Longman, London.
23. Gray P., W.E. Hart, L. Painton, C. Phillips, M. Trahan, J. Wagner (1998) A Survey of Global
Optimisation Methods, Sandia National Laboratories, available http://www.cs.sandia.
gov/opt/survey/intro.html.
24. Griewank, A. (2000) Evaluating Derivatives: Principles and Techniques of Algorithmic
Differentiation, SIAM, Philadelphia.
25. Hansen, E. (1992) Global Optimisation using Interval Analysis. Dekker, New York.
26. Holland, J.H. (1992) Adaptation in Natural and Artificial Systems: An Introductory Analysis
with Applications to Biology, Control, and Artificial Intelligence, MIT Press, Cambridge, MA.
27. Kirkpatrick, S., C.D. Gellatt, M.P. Vecchi (1983) Optimisation by Simulated Annealing,
Science, 220, pp. 671-680.
28. Madsen K., H. B. Nielsen, O. Tingleff (2004) Methods for Non-Linear Least Squares
Problems, IMM, DTU, available at http://www.imm.dtu.dk/courses/02611/NLS.pdf
29. Michalewicz, Z. (1994) Genetic Algorithms + Data Structures = Evolution Programs, Second,
Exended Edition, Springer-Verlag, Berlin, Heidelberg.
30. Mockus, J., W. Eddy, A. Mockus, L. Mockus, G. Reklaitis (1996) Bayesian Heuristic Approach
to Discrete and Global Optimisation, Kluwer Academic Publishers.
31. Moles, C.G., P. Mendes, J.R. Banga (2003) Parameter Estimation in Biochemical Pathways: A
Comparison of Global Optimisation Methods, Genome Research, 13, pp. 2467-2474.
32. Na, J.-G., Y.K. Chang, B.H. Chung, H.C. Lim (2002) Adaptive Optimisation of Fed-batch
Culture of Yeast by using Genetic Algorithms, Bioprocess & Biosystems Eng, 24, pp. 299-308.
33. Neumaier, A., Global Optimisation Techniques, avaible at
http://www.mat.univie.ac.at/~neum/glopt/techniques.html.
34. Nocedal, J., S. J. Wright (1999) Numerical Optimisation, Springer-Verlag New York, Inc.
35. Pintér, J. D., Continuous Global Optimisation: An Introduction to Models, Solution
Approaches, Tests and Applications, available at http://catt.bus.okstate.edu/itorms/pinter/paper.htm

76

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
36. Pohlheim, H., The Multipopulation Genetic Algorithm: Local Selection and Migration,
available at http://www.pohlheim.com/Papers/mpga_ gal95/gal2_6.html.
37. Rastrigin, L. A., Y. Rubinstein (1969) The Comparison of Random Search and Stochastic
Approximation while Solving the Problem of OPTIMISATION, Automat. Control, 2, pp. 23-29.
38. Roeva, O. (2005) A Modification of Simple Genetic Algorithms, International Symposium
“Bioprocess Systems 2005 – BioPS’05”, Sofia, Bulgaria, October 25-26, I.1-I.14.
39. Roeva, O. (2006) A Modified Genetic Algorithm for a Parameter Identification of Fermentation
Processes, Biotechnology and Biotechnological Equipment, 20(1), pp. 202-209.
40. Roeva, O. (2003) Application of Genetic Algorithms in Fermentation Process Identification,
Journal of the Bulgarian Academy of Sciences, CXVI, 3, pp. 39-43.
41. Roeva, O. (2005) Genetic Algorithms for a Parameter Estimation of a Fermentation Process
Model: A Comparison, Bioautomation, 3, pp. 19-28.
42. Roeva, O., St. Tzonkov (2003) Parametric Identification of Fermentation Processes using
Multy-population Genetic Algorithms, Technical Ideas, XL(3-4), pp. 18-26.
43. Schwefel, H. P. (1995) Evolution and Optimum Seeking, Wiley, New York.
44. Senin, N., D. R. Wallace, N. Borland (1999) Mixed Continuous and Discrete Catalogbased
Design Modeling and Optimisation, CIRP International Design Seminar, University of Twente,
Enschede, The Netherlands.
45. Törn, A., Global Optimisation, available at http://www.abo.fi/~atorn /ProbAlg/Page510.html.
46. Törn, A., M. Ali, S. Viitanen (1999) Stochastic Global Optimisation: Problem Classes and
Solution Techniques, Journal of Global Optimisation, 14, pp. 437-447.
47. ToЁrn, A. A. (1973) Global Optimisation as a Combination of Global and Local Search,
Proceedings of Computer Simulation Versus Analytical Solutions for Business and Economic
Models, Gothenburg, Sweden, pp. 191-206.
48. Wang, T. (2001) Global Optimisation for Constrained Nonlinear Programming, Thesis,
University of Illinois at Urbana-Champaign.
49. What is Optimisation?, Optimisation Technology Center, 49 Guide, available at http://wwwfp.mcs.anl.gov/otc/Guide/OptWeb/opt.html.
50. Yen, J., L. Liao, B. Lee, D. Randolph (1998) A Hybrid Approch to Modeling Metabolic
Systems using a Genetic Algorithm and Simplex Method, IEEE Transaction on Systems, Man and
Cybernetics, 28, pp. 173-191.

77

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
STRUCTURE AND PROPERTIES OF POLYMER-SILIKATE NANOCOMPOSITES BASED
ON POLYTETRAFLUOROETHYLENE

Sardana A. Sleptsova, Аitalina А. Okhlopkova
North-Eastern Federal University, 58th Belinsky str., Yakutsk 677000, Republic of Sakha, Russia

Abstract
The results of physicomechanical, tribological, and structural investigation of polytetrafluoroethylenebased polymers and natural layered silicates are reported. It is shown that the tribological behaviour
of the composites can be significantly improved by introducing a small amount of activated silicates.
The results of structural examination of the composite friction surfaces by scanning-probe microscopy
and IR spectroscopy are discussed.
Key words: polytetrafluoroethylene, layered silicates, wear resistance, friction coefficient, structure,
IR-spectrum.
1. INTRODUCTION
Using layered silicates as fillers holds promise in structural modification of polymers. The interest in
silicates as effective modifiers of the polymer matrix is attributed to their capability of forming
spatially continuous structures in the composite owing to the specific structural arrangement of
minerals [1, 2]. The modifying ability of layered silicates can be fully used through intercalating
polymer macromolecules in the interlayer spaces (galleries) of the filler particles [3, 4]. Further
exfoliation of the fillers into singular layers ~ 1nm thick possibly results in nanocomposites having
properties exceeding those of the starting polymer. Improvement of the compatibility of the composite
component and provision of intercalation are the main problems in nanocomposite development.
Mechanical activation of silicates under optimal treatment conditions is the simplest, and fairly
productive, solution.
The goal of the work is to study the effect of layered silicates on the structure and tribological
behavior of polytetrafluoroethylene by using mechanical activation of the filler.
2. MATERIALS AND METHODS
Industrial polytetrafluoroethylene (PTFE, GOST (State Standard) 10007-80) and vermiculite and
serpeninite fillers mined in the Republic of Sakha and classified as layered silicates [5] were the
objects of study. Serpentinite (Mg6[Si4O10](OH)8) is a rock produced mainly by serpentine minerals. It
is a mineral that arises from metamorphosis of magma rocks, primarily belonging to the peridot and
picrite groups. Vermiculite (K2(Mg, Fe+2)6(Al2Si6O20)(OH)4) is a mineral of the hydromica group. It is
a hydrated form of biotite and contains a relatively large amount of bound water (11-21%).
The composites were produced by mixing of the components in a paddle mixer with preliminary
mechanoactivation of the fillers. The filler was activation during 1 – 5 min in the planetary mill, using
2 regimes: 1 - carrier rotation frecuency 400 rpm, centrifugal acceleration developed by milling bodies
400 m/s 2, and 2 - 730 rpm and 1000 m/s2, accordingly.
The physicomechanical properties of the composites (tensile strengts and relative elongation upon
rupture) were found on a UTS-2 rupture machine (GOST 11262-80). The tribological characteristics
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(friction coefficient and mass wear rate) were found on an SMTs-2 friction machine by the shaft-bush
scheme according to GOST 11629-5. The composites structure was examined by IR spectroscopy
using an FTS 7000IR-Fourier-step-scan-spectrometer (Varian, USA).
3. RESULTS AND DISCUSSION
Analysis of the results of physicomechanical and tribological tests of the composites has shown the
advantage of mechanical activation on the 1 regime. With fillers introduced at up to 2 wt %, the
strength characteristics of the composites remain at the starting level. Further increase in the filler
content results in a gradual decrease of the phisicomechanical properties of the composites. Significant
improvement of the tribological characteristics of the composites should be mentioned: the mass wear
rate decreases 1000 times for the composite containing 5 wt % of serpentine and 1500 times for the
composite containing 10 wt % of vermiculite. Almost in all composites decrease in the friction
coefficient is observed. This fact can be related to the structure modification of the surface layer of the
polymer composite in friction and wear. In work [6], dealing with the investigation of tribochemical
processes running in PTFE-based composite wear, the formation of high-oriented structure of the
material surface layers with crystallinity exceeding the original values is reported. It results in
reducing the contact area, as well as the mechanical and molecular components of the friction force,
which leads to decreasing friction coefficient.
The structurally active filler encourages the ordering and orientation of macromolecules in friction
trough involvement in polymer tribodestruction and further structuring.
Table 1. Characteristics of PTFE – serpentinite composites
Activation
Rupture
Elongation at
regime strength, МPа rupture, %

Composite
PTFE

Modulus of
elasticity at
rupture, МPа

Mass wear
rate, mg/h

Friction
coefficient

-

20

320

479

78,00

0,20

w/a

14

132

464

2,60

0,14

1

19

373

691

1,10

0,19

2

22

373

637

1,20

0,17

w/a

15

124

531

1,80

0,18

1

18

320

696

0,18

0,17

2

20

320

630

0,50

0,15

PTFE +

w/a

14

102

526

1,18

0,20

5 wt% of
serpentinite

1

16

220

692

0,30

0,19

2

17

219

669

0,07

0,14

PTFE +

w/a

12

106

575

1,50

0,20

10 wt% of
serpentinite

2

13

214

694

0,50

0,20

PTFE + 1 wt%
of serpentinite

PTFE + 2 wt%
of serpentinite

Note: w/a — without activation. Activation time was 2 min in all cases.
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In order to evaluate the effect of fillers on the friction and wear of the composites, their structure was
examined using IR spectroscopy. Figures 1and 2 show the absorption IR spectra of the activated fillers
and studied composites depending on the filling degree before and after friction. Comparison of the
composite spectra before and after friction shows the filler introduction to give rise to end C-H groups
(one can see the peaks characteristic of valence variations within a 2700-2900 cm-1 range and the
peaks characteristic of deformation variations of C-H bonds within a 1400-1500 cm-1 range). The
intensity of the corresponding absorption bands increases with increasing filler concentration. With
fillers introduced, fragmentation of PTFE macromolecules probably starts. Wear of the composite
results in a considerable increase in the intensity of the peaks; consequently, the number of fragments
of PTFE macromolecules increases in friction. In addition, friction initiates oxidation. Over a range of
3200-3400 cm-1 the number of fragments containing oxidized groups of polymer macromolecules
increases. The filler concentration increases the intensity of the bands corresponding to the variations
of these groups.
Table 2. Characteristics of PTFE – vermiculite composites
Activation
Rupture
Elongation at
regime strength, МPа rupture, %

Composite
PTFE

Modulus of
elasticity at
rupture, МPа

Mass wear
rate, mg/h

Friction
coefficient

-

20

320

479

78,00

0,20

w/a

21

297

483

7,20

0,16

1

19

313

559

5,20

0,18

2

22

291

523

6,20

0,18

w/a

17

328

538

5,30

0,18

1

17

280

582

4,50

0,18

2

20

366

702

3,70

0,18

PTFE +

w/a

11

130

650

1,80

0,18

5 wt% of
vermiculite

1

14

238

667

0,80

0,16

2

17

289

602

0,40

0,18

PTFE +

w/a

11

75

523

1,30

0,20

10 wt% of
vermiculite

2

11

143

545

0,04

0,20

PTFE + 1 wt%
of vermiculite

PTFE + 2 wt%
of vermiculite

Note: Activation regime see in the Note to Table 1

Thus, it is shown that introduction of fillers into PTFE increases the intensity of its
tribodestruction and oxidative processes in friction. On the other hand, over a range of 16001700 cm-1, peaks of different intensity according to the filling degree are revealed that are not
characteristic of the original PTFE. In a spectrum database it has been found that the peaks
falling in the range can be either fragments of double bonds or fragments of molecules of
carbonic acid salts [7-9]. In work [10] the influence of metals on the thermo- and
tribooxidation of polymers is reported. It is shown that metal at the initial stages of polymer
processing initiates oxidative processes, resulting in carboxyl groups. Subsequently, the metal
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interacts with carboxyl groups, forming salts that act as inhibitors of oxidative processes.
Thermooxidative decay of macromolecules leads to a cross-linked, more ordered, densely
packed structure characterized by an increased wear resistance.

1
2
3

Pass, %

4

а

Wave namber, сm–1
1
2
3

Pass, %

4

5
б

Wave namber, сm–1

Fig. 1 IR spectra of serpentine and serpentine-modified PTFE versus its content taken before (a) and
after (b) friction: 1 – original PTFE; 2 - PTFE + 2 wt% of serpentine; 3 - PTFE + 5 wt% of serpentine;
4 - PTFE + 10 wt% of serpentine; 5 – serpentine.
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а
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5

б
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Fig. 2 IR spectra of vermiculite and vermiculite-modified PTFE versus its content taken before (a) and
after (b) friction: 1 – original PTFE; 2 - PTFE + 2 wt% of vermiculite; 3 - PTFE + 5 wt% of
vermiculite; 4 - PTFE + 10 wt% of vermiculite; 5 – vermiculite.

ACKNOWLEDGEMENTS:
The work was implemented under financial support of the Russian Foundation for Basic Research,
project 09-03-98504_vostok_a.

82

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
REFERENCES
1. Tretyakov, Yu.D., Oleynikov, N.N., Shlyakhtin, O.A. Cryochemical Technology of Advanced
Materials London: Chapman & Hall 1997
2. Kuznebov, B.V. Lanin, T.S., Rakhmanov, N.A., et al. Adsorption Properties of Layered Silica, Zh.
Fiz Khim 2007; 81; 5: pp781-787
3. Gerasin, V.A ., Zuhova, Т.А., Bakhov, F.N., et al. Structure of Polymer/Na* - Montmorillonite
Nanocompositos. Obtained via Mixing in Melt. Rossiiskie пanotekhnologii 2007; 2 ;1-2: pp. 90-105
4. Chvalun, S.N., Novokshonova, LA., Korobko, A.P., and Brevnov, P.N. Polymer-Silica
Nanocomposites: Physicochemical Aspects of Synthesis by Polymerization in situ. Zh. Ros. Khum.
Obshch-va im. D.I. Mendeleeva 2008 ; LII ; 5 : pp. 52-57
5. Krasil'nikov, P.V. Praktikum po geologii (Practical Work on Geology) .Petrozavodsk: PetiGU 2000
6. Okhlopkova, A.A., Adrianova, OA., Popov, S.N. Modifikatsiya polimerov ultradispersnymi
soedineniyami (Polymers Modification by Superdispersed Compounds) Yakutsk: Yakut. filial Izd-va
SO Rossiisk. Akad Nauk 2003
7. Pretsch, E., Bullman, F. and Affolter, L. Opredelenie stroeniya organicheskikh soedinenii (Structure
Determination of Organic Compounds). Moscow: Mir 2006 : Heidelberg: Springer. 2000
8. Sverdlov, LM., Kovner, MA., and Krainov, E.P. Kolebatel'nye spektry mnogoatomnykh molekul
(Vibration Spectrums of Polyatomic Molecules) Moscow: Nauka 197
9. Beloborodov, V.L., Zurabyan, S.E., Luzin, A.P., and Tyukavkina, N.A. Organicheskay khimiya
(OrganicChemisiry) Moscow: Drofa 2003
10. Belyi, V.A., Egorenkov. N.I., and Pieskachevskii Yu.M. Termo- i tribookislitel’nye protsessy v
polimerakh (Thermo-and Tribo-Oxidation Processes in Polymers) Moscow: Khimiya 1987

83

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
IRON OXIDES NANOPARTICLES FOR HEAVY METALS REMOVING
FROM INDUSTRIAL WATERS
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Abstract
In the environment, the iron oxides may be useful for depollution process by means of a wide range of
redox reactions. Hexavalent chromium (CrVI) is a toxic form of chromium, whereas the trivalent form
is not. Reduction of CrVI to CrIII is, thus, a detoxifying process and takes place in soils and sediments
under anoxic conditions. Hexavalent Cr reacts with magnetite to form CrIII. The reaction yields to a
surfficial transformation of magnetite into maghemite. Substitution of a large range of cations can be
easily induced in magnetite and maghemite because tetrahedral as well as octahedral positions are
available. Dissolution curves indicated that Co, Ni and Zn were randomly distributed within the
structure and replaced octahedral Fe. In contrast, Cu, Mn and Cd appear to be concentrated near the
surface of the crystals. Trace amounts of chromate ions adsorbed on magnetite are reduced to Cr (III)
at the surface of Fe ions. A solid state reaction in which the surface layers of magnetite are converted
into maghemite appears to be involved: as more chromate is adsorbed, further reduction is halted.
Key words: magnetite nanoparticles,

1.INTRODUCTION
Isomorphous substitution of iron oxides is important for several reasons. In the electronics industry,
trace amounts (dopants) of elements such as Nb and Ge are incorporated in hematite to improve its
semiconductor properties. Dopants are also added to assist the reduction of iron ores. In nature, iron
oxides can act as sinks for potentially toxic heavy metals. Investigation of the phenomenon of isomorphous substitution has also helped to establish a better understanding of the geochemical and
environmental pathways followed by Al and various trace elements.
Various properties of Fe oxides change regularly with increasing substitution. Among these are the
positions of the visible and infrared absorption bands, magnetic properties, dehydroxylation
temperature, rate of acid and reductive dissolution and crystal size and aspect ratio. It is, however,
often difficult to assign changes in a single property unequivocally to substitution because several
properties may be modified simultaneously. Multiple correlations, although usually highly significant,
vary between different sample sets and, thus, do not allow the separate effects of the two parameters
to be quantified.
Substitution of a large range of cations can be readily induced in magnetite and maghemite because
tetrahedral as well as octahedral positions are available. Dissolution curves indicated that Co, Ni and
Zn were randomly distributed within the structure and replaced octahedral Fe. In contrast, Cu, Mn and
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Cd appear to be concentrated near the surface of the crystals. After conversion of these magnetites to
maghemite, an outer zone free from trace elements was formed around the crystal indicating that
oxidized Fe had migrated outwards and formed a new maghemite layer leaving the trace elements in
the core [1]. When the magnetite was converted to hematite, the divalent trace elements were ejected
(because of their valency and size) and concentrated in the surface layers of the oxide, whereas Cr and
Mn, which are compatible with the corundum structure, remained in the hematite.
Substituted magnetites prepared at pH 12 from ferrihydrite usually contain more than 0.1 mol mol-1
Mn, Cu, Co or Ni [2, 3]. The products ranged from magnetites with low levels of substitution up to the
fully substituted MFe2O4 (ferrites). For Co-substituted magnetites there appears to be a continuous
variation in surface area and interfacial properties with increasing substitution.
Adsorption of chromate (CrVI) has been widely investigated because chromate is a toxic waste product
of many industrial processes adsorption of the chromate ion (CrO 4-2) is at a maximum between pH 3
to 6 on all Fe oxides studied and falls off rapidly at higher pH. Adsorption is very high (0.1 µmol Cr
per mol-1 Fe) on ferrihydrite at pH 5.5. Chromate has been considered to be intermediate in binding
capacity on Fe oxides between strongly and weakly adsorbing anions. Earlier workers considered
adsorption to involve an outer sphere complex, but later studies involving FTIR, EXAFS and
electrophoresis, support an inner sphere mechanism [4, 5]. Trace amounts of chromate ions adsorbed
on magnetite are reduced to Cr (III) by the surface Fe ions. A solid state reaction in which the surface
layers of magnetite are converted into maghemite appears to be involved: as more chromate is
adsorbed, further reduction is halted.

Fig. 1 a) Retention of Cr(III) by goethite; ΓCr (unitless) vs. Cr(III) equilibrium concentration
showing the transition from adsorption to surface precipitation, b) Structural model of incorporated
and adsorbed Cr(III) by goethite.
Chromium adsorbs as the cation (Cr3+) over the pH range 2.5-4 on ferrihydrite and goethite: it is less
toxic in the trivalent than in the hexavalent state. Adsorption of low levels (10-5 M) of chromium
follows a Langmuir isotherm and can be modeled with a single, inner sphere complex. At higher
concentrations of Cr, there was a transition from adsorption to surface precipitation (Figure 1) [5].
There is controversy about the structure of the surface precipitate. EXAFS suggested that the adsorbed
species are grouped in multinuclear clusters which have the lepidocrocite structure; whereas scanning
force microscopy appeared to show that the precipitate is distributed as a coating over the entire
goethite surface.
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2. EXPERIMENTAL
1.1. Materials
The magnetite nanoparticles were obtained as presented in a previous paper as sample 2 [6]. The
obtained nanoparticles where kept in the suspension and the solution of K2CrO7 is added over in the
suspension. After 1 hour the nanoparticles was separated and dried in the autoclave at 60 ºC for 10
hour.
1.2. Apparatus
Fourier transformed IR spectroscopy (FT-IR) standard spectra were collected using a Perkin Elmer
Spectrum GX spectrometer. Scans in the range of 400–4000 were accumulated for each spectrum at a
spectral resolution of 4 cm-1. It was possible to use the drift accesory with the powdered pure
substance, thereby allowing for a better and easier analysis.
The samples were examined using a Mettler 4000 TA, TG 50 thermal analyzer system at a rate of
10°C min-1 in a static air atmosphere; and a Perkin-Elmer thermoanalyzer TG S-2 and DTA 1700 at a
rate of 10°C min-1. Also, a TG (Du PontTGA) thermobalance is connected to a PC running Du Pont
data processing software. About 15 mg of gently ground stones were subjected to analysis in a Pt plate
in a temperature range 35-1000 C (10°C min-1). It is to be made sure after opening the furnace that
both the sample pan and the reference pan are empty and new and no other application is running.
After taring the instrument, sample was put inside the pan and furnace was closed. The experimental
details like the sample name, procedure, ramp field and the temperature rate were fed into the
software. Liquid nitrogen’s flow rate was set around 3 l/h.
Atomic force microscopy (AFM) investigations were carried out with an Agilent 5500 SPM system,
described by PicoSPM controlled by a MAC Mode module and interfaced with a PicoScan controller
from Agilent Technologies, Tempe, AZ, USA (formally Molecular Imaging). A multipurpose large
scanner and Point Probe Plus Silicon SPM Sensor cantilevers (PPP-FM cantilevers), n+- silicon
material and none coating, of about 227 µm length, 1.8 N m-1 spring constants, with the tips oscillated
near their resonant frequencies (NANOSENSORS) in air, of about 64 kHz were used for all
measurements. All AFM measurements (256 samples/line × 256 lines) were done by scanning the
surface at a rate of 0.8-1.2 lines per second and were done at room temperature in tapping mode. The
original images for the samples, the 3D topographical images and section analysis over the magnetite
particles were performed using the PicoView SPM Software, version 1.6.2, Molecular Imaging.
Height image data obtained by the AFM is three-dimensional. The usual method for displaying the
data is by using a color mapping for height, for example black for low features and white for high
features. The images were processed by first order flattening in order to remove the background slope
and the contrast and brightness were adjusted
Acoustic AC Mode (AAC mode, tapping mode) is an oscillating technique that is less sensitive than
MAC Mode, but gentler and less destructive than contact mode. AAC mode excites the cantilever by
vibrating the piezo where the cantilever holder is attached. The AAC mode option includes an AAC
mode controller and an AAC mode scanner module. The piezo causes the probe tip to oscillate,
typically at or near one of its resonance frequencies, such that it taps gently on the surface. The tip is
then raster-scanned over the region of interest while the amplitude of oscillation is monitored to
produce images. Through this method, lateral forces on the tip are virtually eliminated, enabling
higher resolution imaging than is possible with Contact Mode.
The solutions of magnetite samples for AFM imaging were freshly prepared before each experiment
by suspending of the appropriate quantity of each sample in absolute ethanol purchased from SigmaAldrich. In order to improve the stability of the particles onto the freshly cleaved mica surface, the
magnetite and magnetite-chromium samples have been dried in air before being observed by AFM.
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The AFM results in tapping mode showed that both samples adsorb freely at the mica surface and the
adsorption is fast.
3.RESULTS AND DISCUSSION
FTIR was used to understand structure, bonding and reactivity of magnetite and chromium sorbed on
its surface. The adsorbate will influence the symmetry and thus the vibrational spectrum of the surface
atoms to which it is bound upon sorption.
Figure 2 shows FTIR spectra of chromium oxide which gives characteristic peaks at 510 cm-1 and 477
cm-1. The spectrum was recorded to observe later if any of the chromium treated magnetite showed
any of these peaks which might be indicative of the presence of the chromium ions in the magnetite
structure. This observation although becomes challenging as the region beyond 500 cm-1 is
spectroscopically rich or a busy region with magnetite peaks overlapping. There was a shift of the FeO stretching band (570 cm-1) observed in some of the samples to higher wave numbers. Magnetite
processed with chromium showed a shift to 582 cm-1. Upon interaction of the sorbent with 150 and
175 ppm of chromium, the stretching band shifted to 478 cm-1. Some of the samples indicate splitting
of the Fe-O stretching band. There is peak broadening observed in the Fe-O stretching band for all the
treated samples. There are no new peaks observed. No 557cm-1 peak corresponding to maghemite
transformation is seen. Absence of any new peaks suggests that physisorption is occurring which
involves weaker interactions, is less site-specific and with no electron transfer between the sorbate and
the sorbent.

Figure 2. FTIR spectra of obtained magnetite and magnetite-chromium compound after the uptake
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From FTIR results chromium’s presence in the magnetite structure or physical sorption of chromium
on the sorbent is occurring due to the shifts observed and the broadening of the peaks from the
unloaded magnetite spectrum in the same treated conditions.
High-resolution imaging using atomic force microscope (AFM) has been applied to observe the
differences between height of the magnetite particles and height of the magnetite-chromium
compound particles. The topography of the surfaces was investigated by AFM in tapping mode in a
range of scan lengths from 100 µm to 300 nm.
By using atomic force microscopy, it could be observed the average of magnetite particles size which
is about 10 nm, and the height of the magnetite-chromium compound particles, which is between 2545 nm.

fig 3 AFM images 3D of magnetite sample

Figure4. AFM images 3D of magnetite sample
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4. CONCLUSION
Magnetite can immobilize chromium as evident from the present study by forming a solid solution
with it and forming outer sphere complexes in cation exchange sites. Also presence of chromium in
magnetite structure would retard its transformation to higher state oxides. The present methodology of
adsorption study has been successful in evaluating chromium’s sorption behavior on magnetite.
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Abstract
Determination of pectin quantity enables to reduce volume of added binding matters, which provides
not only the usage of all natural pectin found in plants, but also reduces content of chemically formed
gradients in the product with this reducing its volume in the consumers’ body. Pectin is a traditional
agent for jams and jellies.
The aim of the research is to compare changes of pectin quantity in fresh, heat- treated and frozen
apple products depending on storage time.
The apple varieties “Baltais Dzidrais”, “Antonovka”, “Zarja Alatau” harvested in Latvia State
Institute of Fruit Growing were used for the experiment. Pectin, pH and soluble dry matter were
determined in fresh, heat-treated and frozen apple mass for 3 months period of storage time. The
results indicate that pectin quantity in apple mass is changing depending on the apple variety, way of
preparation and storage time.
Key words: apple mass, ripening, pectin, freezing, storage
1. INTRODUCTION
Fruits are considered as a commercially important and nutritionally essential food commodity due to
providing not only the major dietary source of vitamins, sugars, organic acids, and minerals, but also
other phytochemicals including dietary fiber and antioxidants with health-beneficial effects.
Importance of fruit and vegetable consumption in a healthy nutrition is emphasized in the
Commission’s White Paper in relation to nutrition and health issues. The youth’s nutrition has
changed essentially and fruit consumption is considerably lower than it used to be before.
Apples are fruits that contain the highest pectin quantity. They are easily available and found in
different varieties of apples along with being highly resourceful for daily necessities. Pectin, according
to its significance in diet, is a dietary fiber, the entity “non-starch polysaccharide”, which practically is
not decomposed and assimilated in human’s digestive tract. Pectin is food fiber, which clears the
digestive tract from heavy metals and final products of metabolism - low molecular organic
compounds. Pectin substances are used as food additives – thickeners, gelling agents and stabilizers
(Kreicbergs V., 2008). These polysaccharides make new specific products on fruit basis and improve
existing traditional products according to customer needs. The food additives are used to carry out
certain functions of food products. At present one of the branches of food production, where there are
many unused applications of food hydrocolloids, is fruit processing, which by all means occupies a
remarkable part of food industry in Latvia.
On the basis of worked out functional analysis of colloids, it is possible to optimize regulation
possibilities of heat processes for different ripeness stages of apples. It is established that ripeness
stage influences pectin quantity in fruits, but there are no data about pectin quantity changes in frozen
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fruits. It is important to measure pectin in fresh, heat- treated and frozen apple mass, in order to
determine its potential jellying ability.
The aim of the research is to compare changes of pectin quantity in fresh, heat- treated and frozen
apple products depending on storage time. The research is related to application possibilities of the
current colloids, which are used in food industry at present.

2.MATERIAL AND METHODS
1. Materials
The apple varieties - ‘Baltais Dzidrais’, ‘Antonovka’ and ‘Zarja Alatau’ harvested in Latvia State
Institute of Fruit Growing were used for the experiment. The experiment was carried out during the
years 2010 - 2011.
The variety ‘Baltais Dzidrais’ is one of the best early summer varieties, which ripens in the beginning
or mid-August. The fruit flesh is white, juicy, and soft, of pleasant sweet-and-sour flavour. Storage
period of fresh apples is only one month. The varieties ‘Antonovka’ and ‘Zarja Alatau’ are late
autumn-winter apple varieties, whose popularity can be explained by their resistance to cold winters
and excellent storage feasibilities. Apples of the variety ‘Antonovka’ are big, green and upon ripening
become yellow. Apples of the variety ‘Zarja Alatau’ are of variable size, beautiful yellowish colour,
firm flesh. ‘Antonovka’ can be stored at least for 3 months but the storage time of ‘Zarja Alatau” is 6
months.
1.1. Sample preparation
Before carrying out the experiment apples were stored in an apple cellar, where the air temperature
was +3˚ to +4˚C and air humidity 80%. Thus apples maintained their characteristic properties.
In order to obtain indices of apples, they were blended unpeeled and grated through a sieve for
obtaining a homogenous mass. Heat- treated and frozen apple mass was obtained by cutting apples in
pieces, heating them up to the temperature +70˚C and grating through a sieve. The grated apple mass
for freezing was put into 200 ml big plastic ware and quickly cooled. Apple mass was stored at -18˚C.
Before carrying out analyses, frozen apple mass was thawed for an hour up to the room temperature.
The frozen apple mass was analyzed every month of the three month period. The fresh and heated
apple mass from the varieties ‘Antonovka’ and ‘Zarja Alatau’ also were analyzed every month of the
three month period. But apple mass from the variety ‘Baltais Dzidrais’ was analyzed every week
during a month.
1.2. Method
Pectin, pH and soluble dry matter were determined in fresh, heated (+70˚C) and frozen apple mass.
Photometric measurement was used to determine the composition of pectin. Pectin was isolated from
the apple mass by leaching with ethanol, and from the residues - by extracting with diluted sodium
hydroxide solution. By adding carbasol and sulfuric acid to the extract, through different intermediate
stages carroty condensation product was formed, which was photometrically measured at 525 nm.
(Matiseks et.al, 1998)
For soluble dry matter measurement hand digital refractometer ATAGO N20 was used (ISO
2173:2003).
PH was determined using a pH meter 3510 (Jenway) according to the standard LVS EN 1132 - pH
Determination of Fruit and Vegetable Juice.
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3.RESULTS AND DISCASSION
Quality of fruit products changes during technological process and subsequent storage depends on the
alterations of cell wall components, in particular the pectin substances. Modification of pectin during
processing is due to the action of endogenous pectin degrading enzymes, such as PME and PG. The
synergic action of the two enzymes, both bound to the plant cell wall, yields short demethylated pectin
chains, leading to softening of fruit and vegetable products and decrease of viscosity. The fruit juices
can be considered biphasic systems, made up by a dispersing phase, called serum, in which the
hydrosoluble components are dissolved, and a dispersed phase, called cloud, consisting of particles.
The cloud phase, originating from plant tissue mechanically crushed in puree preparation, is
constituted by solid particles with different size and shape. These particles, essentially made of
polysaccharides and, to a lesser extent, of proteins and cell wall-bound enzymes, are maintained in
suspension by the interaction with soluble pectin. During the juice extraction step, PME de-esterifies
the pectin. The low methylesterified pectin may interact with calcium ions forming insoluble pectates,
which co-precipitate with the pulp-particles, thus causing cloud loss. The degree of pectin methylation
critical for this event is not yet well defined, due to the high heterogeneity of the pectic fraction in a
complex system such as a vegetable juice.
The juice stability also depends on the charge and hydration of pulp-particles in the suspension, both
affected by the action of PME. Therefore, PME is responsible for particle precipitation and cloud-loss
of fruit juice. In order to prevent this phenomenon, PME must be inactivated. This is usually achieved
by heat treatment, such as pasteurisation. It is widely accepted that this treatment is sufficient to
inactivate PME, although the assay of the residual PME activity in the heat- treated juices is generally
performed with the pH-stat method, which is not sensitive enough to detect weak enzymatic activity.
In fact, cloud loss of heat-treated juices often still occurs and its control is a serious problem in the
food industry. Much attention has been dedicated to the chemical and physical factors affecting the
phenomenon, while the biochemical aspects of the problem have been investigated to lesser extent.
The finding of residual PME activity in the commercial juices of some fruits suggests the existence of
extremely thermostable PME isoforms which survive the heat treatment and indicate that some
production process may be further improved.
The affinity between PME and PMEI increases as pH decreases, in the range 7.5–6.0. It is conceivable
that the stability of the PME/PMEI complex is higher at acidic pH usually found in fruit juices. The
PME inactivation by PMEI could allow heat treatment of juices at temperatures lower than those
needed for inactivation of highly thermostable PMEs. Such milder heat treatment could result in better
flavor quality and higher vitamin content, thus producing high quality products (Giovanea A.et al,
2004).
Heat treatment of fruits is a crucial method of preservation. When the pectin substances in cell walls
decompose, softening of wall cells and subsequently separation may happen. The divalent ions form
cross-link between carboxyl groups of pectinic acid molecules, will enhance the firmness of the
middle lamella and primary cell wall. But when monovalent ions are present the cross-link formation
is stopped and consequently rigidity will decrease.
As plant tissue is heated, intracellular ions such as calcium and magnesium may come in contact and
react with cell wall components, e.g. free carboxyl groups to create bridges that toughen the tissue so
that it may withstand degradation during heating process. Another significant aspect in loss of
firmness during the heating process is the pH.
The pH activity in apple mass was analyzed in our research and results are shown in Fig.1.
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1
2
3

fresh heated frozen
Baltais Dzidrais
3,13
3,15
3,24
3,15
3,17
3,19
3,18
3,21
3,17

fresh

heated frozen
Antonovka
3,07
2,96
3,18
3,08
3,22
3,1
3,13
3,20
3,07

fresh heated frozen
Zarja Alatau
3,25
3,24
3,27
3,29
3,33
3,27
3,35
3,37
3,26

Fig.1. pH activity in fresh, heat-treated and frozen apple mass
“1”, “2”, “3” – storage time, weeks (fresh ‘Baltais Dzidrais’);
“1”, “2”, “3” – storage time, months (‘Antonovka’, ‘Zarja Alatau’, frozen ‘Baltais Dzidrais’)
The results of pH activity in apple mass indicate that pH increases during storage time but decreases in
frozen condition. This could be explained by activity of acid in apples during storage time. Hungarian
scientists in their researches have established increase of acidity in fruits and berries, emphasizing
changes of flavor properties what is very characteristic for such picturesque berries as strawberries. In
researches of apples it has to be considered that only sliced apples are suitable for freezing what
cannot describe dispersion of acids in the whole fruit. The researches carried out enable description of
pH activity in the whole fruit.
During freezing concentration of juice and pH changes take place. High water content in the product
but sometimes also low pH value can increase efficiency of cold activity. Sugar, colloids and some
other substances, which are added in small amounts, may reduce impact of cold activity. Therefore
addition of sugar and pectin has to be performed after freezing in frozen condition. (Kampuse, 2006)

With the pH determination in deep-freezing the results depend largely on the duration of
freezing and the time interval between thawing and pH measurement. A description is given
of quick methods for the determination of sugar and acid contents in apples to be used in
growing for fruit quality.
In an acid medium polysaccharides gradually hydrolyse till monosacharides. Raw apples generally
contain a small quantity of starch, which gets wholly converted into sugar during the process of
ripening. In this research (Fig.2) also soluble dry matter was determined in order to analyze sugar
changes in apples during storage, heating and freezing.
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1
2
3

fresh heated frozen
Baltais Dzidrais
9,59 10,32 7,15
9,11
9,85
7,27
8,42
9,05
7,33

fresh

heated frozen
Antonovka
11,9 12,18 13,1
12,53 12,98 12,42
9,83
10,7 12,52

fresh heated frozen
Zarja Alatau
13,77 15,34 16,42
13,35 14,92 17,13
13,86 15,35 16,65

Fig. 2. Soluble dry matter in apple mass depending on storage time, heating and freezing
“1”, “2”, “3” – storage time, weeks (fresh ‘Baltais Dzidrais’);
“1”, “2”, “3” – storage time, months (‘Antonovka’, ‘Zarja Alatau’, frozen ‘Baltais Dzidrais’)
Research data indicate that soluble dry matter may either increase (‘Antonovka’, ‘Zarja Alatau’) or
decrease (‘Baltais Dzidrais’) depending on variety. There is more soluble dry matter in fresh apples of
the variety ‘Baltais Dzidrais’ than in frozen ones. Whereas there is less soluble dry matter in fresh
apples of the varieties ‘Antonovka’, ‘Zarja Alatau’ than in frozen apples. This can be explained by the
fact that ‘Baltais Dzidrais’ is a summer variety, harvest and storage time of its apples is short. The
autumn-winter varieties ‘Antonovka’ and ‘Zarja Alatau’ are harvested unripe (because of climatic and
storage considerations) and ripen in the wearhouse reaching good edible or consumption maturity.
Sugar content increases upon the ripening of apples, but when the apples become overripe, sugar
content decreases. Research data indicate that apples of the variety ‘Antonovka’ become overripe
during the third month of storage time, because their sugar content decreases. Whereas apples of the
variety ‘Zarja Alatau’ at the third month of storage time reach good consumption maturity what is
proved by sugar content in them.
In our research apples after harvesting were made in a mass to improve their quality after freezing and
thawing. Various ingredients may be added to enhance the quality of frozen fruits. Water is drawn out
of the cells by osmosis, which leads to a lower freezing point and a decreased fraction of ice at a
certain frozen storage temperature. An extension of this is osmotic dehydration in which high
concentrations of sugar solutions are used. By this approach, fruit cells may lose up to 40–70% of their
water. The formation of extracellular ice concentrates the solutes in the surrounding aqueous phase,
which in turn drives water from the cells. The higher concentration of intercellular solutes, coupled
with the lessened flexibility of the frozen phase, produces cell and cell membrane damage. In addition,
cell wall substances, in particular pectin, may be extracted or solubilized from the cell walls, reducing
structural rigidity. Quick freezing results in smaller ice crystal size, less cell dehydration, and less cell
damage.
The fruit variety may also be a factor in freezing performance. Immediate freezing of fruit after
harvest can also improve texture. One of the best postharvest methods for fruits and vegetables is
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freezing – process, required optimal conditions of technology. (Min Zhang, 2004) In addition, the
correct choice of refrigeration technology enables maintaining sensory properties of fruits and
vegetables (appearance, texture, etc.) to maximum, which enables the use of varied opportunities for
freezing and after thawing it. This is potentially important for fruit and vegetable processing
companies to use fresh or frozen fruits as basic in the market, as well as some other semi-finished
products. Ice formation in food products takes place at relatively low temperature and products stored
at the temperature -18 °C are not yet fully frozen. Products containing higher concentration of small
molecular sugar at low temperature contain more unfrozen water because quick frozen carbohydrate
solutions as well as most of biological products are characterized by non-equilibrium formation of ice
crystals with its specific concentration of solution (Roos, 1995). Freezing time increases somewhere
between linearly with or as the square of the shortest dimension for heat transfer. Hence, a lot of fruits
are used for further processing, and fruit cut prior to freezing is often easier to cut and of better quality
than fruit cut after freezing and thawing. (Kerr, 2007)
Many fruits are frozen to extend their availability throughout the year, and to further shelf life through
lengthy distribution. In general, fruits have a less fibrous texture than vegetables and often suffer more
textural changes during freezing and storage. (Skrupskis et al., 2008)
Freezing is used to preserve and maintain quality of many foods. Relatively low temperatures, the
formation of ice as a separate phase, and the frozen concentration of dissolved substances contribute to
conditions that limit the growth of microorganisms and preserve quality factors such as flavor and
color. (Bing Li, 2002)
One critical quality factor influenced by freezing is food texture. Texture can be defined as those
properties of food determined by the rheological and structural nature of the food and determined by
the tactile senses. Many foods are thawed from the frozen state and eaten directly, or cooked before
consumption. In some cases, the texture of the thawed material is close to that of the fresh and
unfrozen food. In other cases, the texture may be changed by the freezing process and yet result in a
thawed product that is still acceptable to consumers. (Kerr, 2007)
Many frozen fruits are destined for further processing, as for use in muffins, ice cream, yogurt, or
jams. Hence large whole fruits do not freeze well. Fruits such as apples are made in a mass for
freezing. Investigations show that storage in the place of growing decreases loss for 18% in average,
but by using combination of natural and artificial cold the economic effect is much higher.
Temperature is an essential factor in decreasing intensity of respiration.
Freezing is an ancient technology for preserving foods. Freezing halts the activities of spoilage
microorganisms in and on foods and can preserve some microorganisms for long periods of time.
Frozen foods significantly increase the storage life and maintain maximum product quality original
figures.
As the main quality changes influenced by freezing can be mentioned color changes and jelly firmness
or consistency changes. As a result of freezing jelly firmness essentially decreases therefore jellies
made of frozen berries are with softer consistency. Freezing essentially decreases jelly firmness in
products of those blackcurrant varieties which show good gelling abilities in fresh condition. Varieties
possessing the most firm texture before heating produce the weakest jellies after heating. Thus it can
be concluded that pectin in blackcurrant jellies is more sensitive to repeated gelling than to freezing.
Freezing before heating does not influence substantially texture and floatability of jellies. Freezing
essentially decreases the rate of berry color and sweetness. (Kampuse et al., 2005)
Transformation of pectin causes sediment formation in frozen berry juices and texture hardening of
some berries. If berry juices are not sufficiently het-treated, pectinesterase occurs in them. It takes
away methyl radical from pectin molecule what causes occurrence of insoluble pectic acid, in
particular, if the water contains calcium. Texture hardening of berries also is caused by esterase as the
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formed pectin acid together with calcium contained in fruits produce calcium pectinate gel. This
process is significant in long-term storage even at the temperature -18˚.
Moreover, pectic acid forms in overripe fruits, therefore it should be provided, that fruits neither
before harvesting nor during storage are overripe; products made from fruits containing less than
0.35% pectin substances, are not jellying. On the basis of worked out functional analysis of colloids, it
is possible to optimize regulation possibilities of heat processes for different ripeness stages of apples.
The fiber in apples, which is thought to play a major role in its lipid-lowering capacities, is not found
in particularly high concentration (2–3 g/100 g), and soluble fibers such as pectin represent <50% of
the fiber in apples. Nevertheless, it has been reported that this fraction probably contributes to the
effects of apples on lipid metabolism. (Aprikian et.al, 2003)

pectin, g 100g-1

There are data available in scientific literature, that total quantity of pectin substances in apples is 0.3
– 1.8%, pectin substances are encountered in the form of protopectin, pectin and pectic acid. In green,
unripe fruits, pectin is in the form of protopectin, which is of higher density and firmness than pectin.
Both under the impact of ripening and heat treatment, protopectin transforms into pectin, fruit jelly
forms. (Kreicbergs, 2008) It is established that ripeness stage influences pectin quantity in fruits, but
there are no data about pectin quantity changes in frozen fruits. In order to find out whether pectin
quantity in frozen fruit mass differs from fresh apple mass, analyses were carried out and data
compared of fresh, heated and frozen apple mass. Pectin quantity was expressed by part of
galacturonic acid in apple mass mg/kg. Figure 3 shows the data of pectin quantity in researched
apples.

1
2
3

fresh heated frozen
Baltais Dzidrais
0,49
0,51
0,31
0,33
0,48
0,30
0,32
0,42
0,26

fresh

heated frozen
Antonovka
0,69
0,65
0,61
0,40
0,65
0,38
0,32
0,52
0,28

fresh heated frozen
Zarja Alatau
0,82
0,87
0,73
0,61
0,71
0,73
0,58
0,61
0,36

Fig.3. Pectin quantity in fresh, heat-treated and frozen apple mass
“1”, “2”, “3” – storage time, weeks (fresh ‘Baltais Dzidrais’);
“1”, “2”, “3” – storage time, months (‘Antonovka’, ‘Zarja Alatau’, frozen ‘Baltais Dzidrais’)
Results of the research indicate that upon ripening and heating pectin quantity decreases also in frozen
apple mass. Pectin quantity during 3 months of storage time has less decreased in the apple variety
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‘Zarja Alatau’ – only for 29.27%. The apple variety ‘Antonovka’ has the greatest loss of pectin, where
pectin quantity during storage time has decreased for 53.62% and during freezing – for 54.1%. The
heated apple mass of the variety ‘Baltais Dzidrais’ had the lowest loss of pectin (17.65%).
The least loss of pectin in frozen apple mass was produced by the apple variety ‘Baltais Dzidrais’
(16.13%). Pectin quantity in heated apple mass is higher than in fresh and frozen apple mass what is
common to all apple varieties.
While considering composition and properties of 12 apple varieties with the aim to make purees of
them it is established that the variety ‘Antonovka’ has the highest evaluation. Polish scientists have
included it in the variety register among which is also the world famous variety ‘Jonathan’. Russian
researchers have found out that apple pectin possesses heterogeneity.
Batisse studied pectin solubilization during ripening of cherry fruits. Pectin materials were isolated at
specific stages during development. The proportion of alcohol-insoluble-material decreased on a fresh
weight basis upon ripeness, but increased per fruit. Pectin substances were divided into water-,
oxalate- and acid-soluble fractions. The oxalate-and water-soluble part increased as acid-soluble
components decreased. Water- and acid-soluble fractions contained many more neutral sugar residues
than the oxalate-soluble fraction. Changes in individual sugars indicated the major alterations were the
degradation of galactan and the absence of arabinan solubilization in acid-soluble pectin substance.
Size exclusion chromatography showed absence of pectin depolymerization during ripening,
indicating that fruit softening does not depend on pectin depolymerization. (Batisse C. et al, 2006)

By fruit ripening under the impact of enzyme protopectinase, protopectin hydrolyzes and
transforms into pectin, which flows from the intercellular spaces into protoplasm of cells.
Therefore ripe as well as heat- treated fruits are soft, loose. The concentrated enzyme
preparations are readily inactivated by normal pasteurizing temperatures (68°–70°C), but in
juices the enzyme shows much greater stability. The significance of these findings is
discussed in relation to the production of apple juice and pectin. The study has been made of
the pectin-demethylating enzyme system in apple tissue and the level of activity compared
with that in some other fruits. The apple varieties tested, show considerable differences in
their pectase content. The enzyme shows a maximum activity at pH 6–6: over the pH range of
the fruit the activity is much lower, but the enzyme can still produce appreciable effects.
(Pollard and Kieser, 2006)
Effectively, pectin's structure binds with water in an acid environment. Sugar increases pectin's ability
to gel, and affects the texture and consistency of jellies and jams as they cool and set. Note: sugar is
not a key to the preservation of the jam - the sterile environment and acidity are more important (Kays
S., 2004)
Pectin quantity in all fruits is generally higher when fruit is just barely ripe and reduces upon maturity
from fully ripe to overripe. The process of ripening involves the breakdown of pectin, which softens
the fruit upon ripening. Apples and crabapples (especially unripe ones) are good sources of pectin and
are often used in making commercial pectin. Some commercial pectin is made from citrus peels. Highester pectin at soluble solids content above 60% and a pH-value between 2.8 and 3.6, hydrogen-bonds
and hydrophobic interactions bind the individual pectin chains together. These bonds form as water is
bound by sugar and forces pectin strands to stick together. These form a 3-dimensional molecular net
that creates the macromolecular gel. The gelling-mechanism is called a low-water-activity gel or
sugar-acid-pectin gel. In low-ester pectin, ionic bridges are formed between calcium and carboxylic
acid of the galacturonic acid. This is idealized in the so-called “egg box-model”. Low-ester pectin
needs calcium to form a gel, but can do so at lower soluble solids and higher pH-values than high-ester
pectin (apple pectin). During freezing concentration of juice and pH changes take place. High water
content in the product but sometimes also low pH value can increase efficiency of cold activity. Sugar,
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colloids and some other substances, which are added in small amounts, may reduce impact of cold
activity. Therefore addition of sugar and pectin has to be performed after freezing in frozen condition.
(Kampuse et al., 2005)
For each kind of product appropriate conditions have to be chosen for freezing, as well as the
condition of products before freezing has to be taken into consideration in order to reduce to the
minimum the harmful impact on their quality. Pectin solutions have high viscosity which depends on
pH. Sedimentation or gel formation takes place at pH ≤ 3. Gelatinization temperature of pectin ranges
from 50 - 70˚C where unrecoverable changes take place. During gelatinization pectin can absorb water
mass and rise, as a result increasing suspension viscosity. (Morozovs A., 2008)

It is important to measure pectin, pH and soluble dry matter in fresh and frozen apple mass, in
order to determine its potential gelling ability. Possibilities of adding ingredients, which are
essential in dessert making, depend on gelling ability.
4.CONCLUSION
1.

The results of the research indicate that upon the ripening, pectin quantity decreases also in
heated and frozen apple mass. Pectin quantity during 3 months of sorage time has less
decreased in the apples of the variety ‘Zarja Alatau’ (29.27%) and during freezing (16.13%)
and heating (17,65%) - in the apples of the variety ‘Baltais Dzidrais’. Apples of the variety
‘Antonovka’ have the highest loss of pectin where pectin quantity during storage time has
decreased for 53.62% and during freezing - for 54.1%.

2.

Changes of soluble dry matter and pH prove the freezing impact which has to be considered
in technological process. The established differences in research of the varieties can serve as
the base for the development of technological shemes and choice of proper freezing regimes.

3.

If it is assumed that pectin ability to gel in apples decreases at 0.35%, then apples of the
variety ‘Baltais Dzidrais’ possess gelling ability only one month after storage, and during
freezing this ability decreases already just after freezing and heating. Gelling ability of the
apple mass of the variety ‘Antonovka’ is maintained for 2 months after storage and freezing.
The apples of the variety ‘Zarja Alatau’ have the most stable pectin quantity which gelling
ability is maintained for 3 months after storage in fresh, heated and frozen condition. Pectin
quantity in heated apple mass is higher than in fresh and frozen apple mass what is common to
all apple varieties.
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Abstract
In a previous paper was shown that water trees development modifies considerably the electric field
repartition, which increases significantly in the vicinity of treed areas. In order to find the water trees
influence on the breakdown voltage, in the present paper, an experimental study on model cables
insulated with low density polyethylene is done. In insulation samples, water trees with various
dimensions and densities were developed. For the reduction of the test duration, an electric field with
a higher frequency (3-5 kHz) was used. For breakdown voltage measurement an automatic setup was
realized.
For each value of the ageing time the dimensions and densities of water trees and breakdown voltage
were measured and the dependency of the breakdown voltage with these quantities were analysed.
The results show a significant reduction of the breakdown voltage of treed cables insulations
compared to un-treed ones.
Key words: polyethylene, water treeing, electric field, breakdown, power cables

1. INTRODUCTION
The initiation and the development of water trees in polymeric insulations are very complex
phenomena. Many simplified models were proposed in order to explain water treeing phenomenon
(Steennis et all, 1990, Ross et all, 1993, Notingher et all, 2005) but until now, no general model was
elaborated (Notingher et all, 2005). Some of these models consider that the local values of the electric
field intensity at the interface water needle – dielectric or on the water tree front play an essential role
in the initiation and/or the propagation of water trees (Filippini et all, 1998).
The water trees shape and dimensions obtained both on laboratory specimens (by accelerated
experiments), and on cables (in laboratories or in their operation) depend on various factors. Among
these factors one can emphasizes the type of samples, the nature and the structure of the material, and
the environment stresses (humidity, oxygen, radiations, temperature, electric field, mechanical stress
etc.) (Notingher et all, 1996, Notingher et all, 1998, Dissado et all, 1992, Ciuprina et all, 2004,
Filippini et all, 1998, Radu, 1997, Stancu, 2008, Notingher et all, 2010).
The usual methods to grow water trees in an accelerated manner under laboratory conditions are the
needle-plane or needle-needle method (Filippini et all, 1988, Notingher et all, 1996, Notingher et all,
1998, Dissado et all, 1992, Ciuprina et all, 2004, Filippini et all, 1998, Radu, 1997), flat samples
method (Stancu, 2008, Notingher et all, 2010, Ciuprina et all, 2003) and cylindrical samples method
(Stancu, 2008, Stancu et all, 2008). If with the first methods, generally vented trees are obtained (Figs.
1 (Radu, 1997) and 2 (Notingher et all, 2010)), by using the third method vented trees (Fig. 3.a) as
well as bow tie trees (Fig. 3.b) (Stancu, 2008, Stancu et all, 2008) can be obtained.
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Fig. 1. Water trees in a low density polyethylene
needle-plan sample: 1 – water needle; 2 – water trees
(U = 3 kV, f = 13 kHz, r0 = 5 μm, τ = 250 h).

Fig. 2. Water trees in low density polyethylene plane
samples taken from the insulation of a high voltage cable
for different values of ageing time τ: a) τ = 48h
b) τ = 72h c) τ = 96h (E = 4 kV/mm, f = 5 kHz).
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a)

b)
Fig. 3. Vented trees (a) and bow tie trees (b) developed in a low
density polyethylene insulation of a medium voltage cable
(U = 17 kV, f = 3 kHz, τ = 456 h).
The development of water trees determines significant modifications of dielectric properties of
insulations. Thus, resistivity and electrical strength decrease, while electrical permittivity and
dielectric losses (respectively the loss factor) increase (Radu, 1997, Stancu, 2008, Notingher et all,
2010, Ciuprina et all, 2003, Notingher et all, 2010, Nakamura et all, 2001, Hai, 2006).
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On the other hand, because in treed areas the electrical permittivity can take values up to 3-4 times
higher than in un-treed areas (Radu et all, 1996), in the water trees vicinity (outside of water trees) the
electric field greatly intensifies (Notingher et all, 1995, Notingher et all, 2000, Notingher et all, 2000,
Radu et all, 1997, Radu et all, 2000, Acedo et all, 2001, Stancu et all, 2009, Stancu et all, 2009). This
increase is emphasized by the ionic space charge related to water trees (Visata et all, 2001) and
contributes to the decrease of partial discharge and electrical trees inception voltage (Fig. 4)
(Notingher, 2005, Radu, 1997, Stancu, 2008, Stancu et all, 2009). As a consequence, the breakdown of
cables insulation may appear for lower applied voltage values (Hai, 2006, Stancu et all, 2009).
Furthermore, the electrical degradation of insulations may continue even after the voltage is switched
off, due to the residual electric fields generated by the space charge related to water trees (Stancu et
all, 2010).

Fig. 4. Electrical tree inception in front of a water tree one.
In the present paper the results of a study concerning the influence of dimensions and water trees
density on the breakdown voltage values of polymeric insulated cables are presented. In order to
develop water trees in an accelerated manner a new method was created. Water trees with different
dimensions in polyethylene insulated model cables were developed. Then, the water trees dimensions
and density were measured as well as the breakdown voltage for treed and un-treed samples.

103

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
2. ELECTRIC FIELD REPARTITION
Computation of the electric field in the absence and in the presence of water trees and space charge
was done for the models corresponding to the three types of samples, respectively needle-plan, plane
and cylindrical samples. In all cases the electrostatic regime of the electric field was considered by
satisfying the electric flux law:
div D = ρv

(1)

and the electrostatic potential law
E = - grad V,
(2)
where D = ε0εrE represents the electrical induction, ρv – volume density of the electric charge, E –
electric field strength, V – electric potential, ε0 = 8.85.10-12 F/m – absolute permittivity of vacuum and
εr – relative permittivity of sample (without or with trees).
2.1. Needle-plane samples
The geometrical model related to the needle-plane sample (Fig. 1) having water trees under the shape
of a sphere with a known rayon R is presented in Figure 5. The needle electrode has a conical shape,
rounding radius being r0 and the distance between the two electrodes – d (Notingher et all, 2000).
Variation of the electric field strength E – for a needle electrode with the radius r0 = 10 μm at the
distance d = 2.5 mm from plane electrode and a tree with the radius R = 100 μm, for U = V1 – V2 = 5
kV – with y coordinate is presented in Figure 6. It can be seen that, in the presence of the tree, the
electric field strength decreases in the needle vicinity, but increases in the area between the tree front
and the plane electrode. In the case of the needle-needle samples (being at the same distance d each
other) E takes higher values also in the vicinity of the second electrode (Radu, 1997).
2.2. Plane samples
The geometrical model related to polyethylene flat samples (Fig. 2) of thickness g, containing
individual trees with a known length a is presented in Figure 7 (Radu et all, 2000). Trees are
considered having the shape of semi-ellipsoids with the major axis 2a and the minor axis 2b.
Variation along the axis Oy of the electric field strength in the absence and presence of trees with
different lengths is presented in Figure 8. It can be seen that, with the increase of trees length, the
electric field strength increases. Thus, in the case of a tree with a known length 0.48 mm, the electric
field strength increases with almost 50 %.
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Fig. 5. Needle-plane samples domain for electric field computation.

Fig. 6. Variation of the ratio E/Emax along the y - axis (x = 0), for r0 = 10 μm,
d = 2.5 mm and U = 5 kV, in the absence of water trees (curve 1) and in the
presence of a tree with R = 10 μm (curve 2).
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Fig. 7. Plane samples domain for electric field computation.

Fig. 8. Electric field distribution as a function of co-ordinate y for different
water tree lengths in a plane sample: (0) a = 0; (1) a = 0.1 mm,
(2) a = 0.15 mm, (3) a = 0.2 mm, (4) a = 0.25 mm, (5) a = 0.3 mm.

2.3. Cylindrical samples
The geometrical model related to cylindrical samples, respectively medium voltage cables
polyethylene insulated (of outer r2 and inner r1 radius) presenting trees developed from both
semiconductor layers (outer - WT1 and inner - WT2) and with ionic space charge layers of density ρvmed
is presented in Figure 9 (Stancu et all, 2009).
In Figure 10 variation of the electric field strength with the coordinate r in the case of trees and space
charge layers with the same length la1 = la2 = ls1 = ls2 = 0.5 mm and 20 kV applied voltage is presented.
It can be seen that in the trees vicinity important increases of the electric field appear.
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Fig. 9. Computation domain for two individual water trees (WT1 and WT2).

Fig. 10. Variation of E with r in the absence of trees and charge (1)
and in the presence of 2 individual trees of la1 = la2 = 0.5 mm (2), two
charge layers of ls1 = ls2 = 0.5 mm and ρvmed = 0.106 C/m3 (3) and two
individual water trees and two charge layers of la1 = la2 = 0.5 mm,
ls1 = ls2 = 0.5 mm and ρvmed = 0.106 C/m 3 (3) (V1 = 20 kV).
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2.4. Electric field effect
Analyzing the curves presented in Figures 6, 8 and 10 it can be observed that the water trees and ionic
space charge existence determines a modification of the electric field repartition, respectively an
intensification of the electric field in treed areas. This increase determines modifications of partial
discharges Vapd and electrical trees Vaet inception voltages in these samples (Radu, 1997).
Variations of the quantities Vapd and Vaet are presented in Figures 11 and 12. It can be seen that the
increase of water trees length determines an important decrease of Vapd and Vaet. As a consequence the
breakdown voltage values decrease also.

Fig. 11. Variation of partial discharges inception voltage Vapd with water trees length l
(needle-needle samples).

Fig. 12. Variation of electrical trees inception voltage Vaet with water trees length l
(needle-needle samples).
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3. EXPERIMENTS
In order to verify the results obtained by computation, regarding the decrease of breakdown voltage
due to water trees development, experiments on needle-plane and model cables samples, respectively
on polyethylene insulated conductors, were done.
3.1. Samples
Technologies used to manufacture the needle-plane and needle-needle samples but also the setup used
to measure the partial discharge and electrical trees inception voltage are presented in several papers
(Filippini et all, 1988, Filippini et all, 1988, Radu, 1997)
Cylindrical samples (model cables) used in this study are taken from a single-wire copper conductor
(with a diameter of 1.1 mm) insulated with low density polyethylene of thickness 0.8 mm),
manufactured at IPROEB Bistrita. The samples length was 50 mm.
In order to reduce the inception and development time of water trees, on the outer surfaces of the
model cables superficial defects were done. For a better control of the defects, the samples were
covered with abrasive paper type P240 and placed between two plates provided with cylindrical
groves having a superior diameter than those of samples. The samples were then pressed at a pressure
p = 2…20 MPa by using a CARVER hydraulic compression head.
On a 10 samples group the breakdown voltage was measured by using an automatic setup which
allows the control and adjustment of the voltage growth rate between 0.06 and 2.4 kV/s.
Setup used to develop water trees in an accelerated manner is presented (Stancu, 2010). Water trees
dimensions were measured by using the setup presented in Figure 13.

Fig. 13. Setup used for measuring the dimensions
of the water trees: (1) – Vented tree, (2) – PC,
(3) – Microscope, (4) – Camera.
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3.2. Breakdown voltage measurement
In order to measure the breakdown voltage a PMMA paralelipipedic special cell was built up. The
samples insulation was covered with a copper band having 100 mm and the un-insulated ends were
introduced in two metallic balls to avoid electrical discharges. The voltage growth rate was 1 kV/s, so
that the time until breakdown of insulation should be according to the SFS 5791/1994-10-10 12/20 kV
PAS p. 6.1.4.
After the breakdown measurements the average value Vb ,a :
n

V

b ,i

i 1

V b ,a 

(3)

n

and the standard deviation σ
n

 V


 Vb, a 

2

b ,i

i 1

,

n

(4)

where Vb ,i represents the breakdown voltage of the sample, i and n – the number of samples remained
after the wrong values elimination, were computed.
3.3. Water trees development
The methods used to develop water trees in needle-plane and needle-needle samples were presented
(Notingher et all, 2005, Filippini et all, 1988, Radu, 1997).
In the cylindrical samples case, these were introduced on a 300 mm length in a PMMA cell filled with
a NaCl solution of 0.1 mole/l concentration. Un-insulated ends of the samples were connected to the
high voltage terminal of a transformer. The RMS value of the voltage was 5 kV, which ensure a
strength of the electric field on the outer surface of the samples of 4 kV/mm. The ageing time varies
between 25 and 264 h.
3.4. Dimensions and density of water trees
After the voltage is switched off, from their active area 3-5 slices were taken and introduced in a
rhodamine solution at T = 60 ºC for 72 h. Then, from each area slices of thickness of 200 μm were
taken and the dimensions of the trees were measured.
Water trees were considered under the cylindrical shape (of length L and diameter D). The average
length La and diameter Da were computed by using the relations:

1
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1
Da 
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where Nw represents the total number of trees on 5 slices, Lk – the length and Dk - the diameter of the
tree k (Fig. 14).

Fig. 14. Measurement of the length Lk and diameter Dk of the tree.
4. RESULTS
4.1. Water trees
The water trees dimensions and densities in cylindrical samples (model cables) in different
development steps, respectively for different ageing times are presented in Table 1. It can be observed
that the dimensions and densities of the trees increase with the ageing time. These modifications
determine local increases of the electric field and in consequence a decrease of the partial discharge
and water trees inception voltage (see par. 2).
Table 1. Values of the average breakdown voltage Vb,a
and average dimensions of water trees developed in model cables.
Ageing time [h]

0

25

96

165

264

Breakdown voltage [kV]

38

25

23

12.2

10.3

Average length [m]

-

112

197

300

609

Average diameter [m]

-

101

152

240

359

-

1

2

4.5

6

-2

Trees density [mm ]

4.2. Breakdown voltage
In the needle-needle samples case (d = 1 mm) variation of the average breakdown voltage with tree
length is presented in Figure 15. Measurements were done on groups of 10 samples. It can be seen that
the breakdown voltage values decrease with the increase of trees length, due to the increase of the
electric field outside the treed areas and the decrease of the partial discharge level (Fig. 11) as well as
electrical trees inception voltage (Fig. 12) (Heinhold, 1993).
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Noted that breakdown channels avoid the treed areas (Fig. 16) because in these areas (with higher
permittivity than other areas) on one hand the electric field is much lower and on the other hand water
slows the partial discharges and electrical trees inception.
Results obtained on cylindrical samples are presented in Table 1. It can be seen that, a significant
decrease of the breakdown voltage with the increase of the ageing time appears also. This is due to the
increase of dimensions and densities of the trees with the increase of τ, respectively a local
intensification of the electric field, according with the theoretical results presented in par. 2.

Fig. 15. Variation of average breakdown voltage Vb,a function
of trees length l in needle-needle samples (d = 1 mm).

5. CONCLUSIONS
The electric field amplification at the front and ahead of the water trees can reach dangerous values for
the insulation, if natural or created defects are present in the polymer facing the water tree zone.
The local field amplification mechanism based on the dielectric nature of the treed degraded zone
appears as a plausible explanation of the water treeing induced breakdown. It is in agreement with the
random nature of the phenomenon, related to the probability of presence of defects and confirms the
extremely important role played by those defects which may be acceptable in the absence of water
trees but which can become breakdown initiation points, and then a serious handicap for electric
service performance, if water trees are present in their vicinity.
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Fig. 16. Breakdown of a low density polyethylene
needle-needle sample with trees.
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STUDY OF GAS FLOW MALDISTRIBUTION IN COLUMNS
WITH MODERN RANDOM PACKINGS
Simeon Darakchiev,
Institute of Chemical Engineering, Bulgarian Academy of Sciences

Abstract
Gas flow distribution in columns with packing Raschig – super ring is studied. So far such studies
have been made with packed layer height up to 1.3 m. Of interest is the flow behavior at higher layers,
as in this case usually occurs the so called “wall flow”. Experiments are carried out in a column with
a diameter of 0.47 m and a layer height to 2.1 m. The measurements were made at three different
velocities and the velocity profile is measured by thermo anemometer in 123 points on the column
cross-section at different layer heights. The non-uniformity is determined using the so-called
maldistribution factor Mf, which takes into account as the velocity value at a point of the cross-section
as its weight in the flow. The lowest value of Mf is found at height of 0.5 m and is found that
increasing the layer height, the maldistribution begins to rise.
Key words: packed columns, random packings, gas distribution, maldistribution factor.
1. INTRODUCTION
Over the decades random packings of third and fourth generation were developed and implemented.
These are for example Nutter rings, Ralu Flow, IMTP, Raschig Super - Rings (RSR) and others. They
are characterized by high efficiency and low pressure drop, which combined with high tech
manufacturing, makes them potentially very suitable for industrial use in conducting heat and mass
transfer processes.
It is known that a major problem in packed columns is the non-uniform distribution of the phases at
the column cross-section, which leads to variation of the flow velocities and mass transfer intensity.
Large part of the methodologies for calculating column apparatuses are based on the assumption of
perfect counter flow of gas and liquid phase in the packed layer. In fact it is known that neither liquid
nor gas is moving piston, which leads to deterioration of the process, hence increasing the cost of its
construction and exploitation.
In recent years a number of investigations on gas movement in packed columns and improving of its
uniformity have been made (Porter et al., 1993, Kouri and Sohlo, 1996, Cai et al., 2003). Mainly is
observed the variation of velocity profile in height of packed layer or its dependence from pressure
drop. The deviation from ideal flow uniformity is defined by the maldistribution factor Mf. It was
found that for both liquid and gas, by increasing the packed layer height, this coefficient reaches
certain low value, which is different for the different types of packings and depends on many factors
but mostly on the type of packing and the way of its arrangement. The height of the packed layer,
which assures reaching of the possible uniformity, is called penetration depth (Edwards et al., 1999).
The uniformity of gas flow depends on the manner of its introduction in the apparatus (Yuan and Li,
1997, Olujic et al., 2004, Hagshenasfard et al., 2007). This distribution is particularly important in the
cases, when technological process does not require layer heights equal or exceeding the penetration
depth for this packing. This is particularly true for packings with low pressure drop and with high
efficiency, such as large part of the modern packings. Moreover the researches are focused on
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different inlet nozzles or specially designed gas distributing devices. Also there is a method (Petrova et
al., 2003) for evaluation of gas distribution devices and for determination of penetration depth.
Raschig Super – Ring is random packing of fourth generation (Schultes, 2003) which was introduced
in 1995. It has a regular structure, which provides large free volume and significant effective surface
area. So far studies of gas distribution in columns with these packings have been made for layers with
height up to 0.8 m (Darakchiev et al., 2005). These studies have shown rapidly reaching the
penetration depth especially the smaller size of the packing. For some packings, however, is observed
uniformity deterioration by increasing the layer height after the penetration depth. It is important to
examine gas distribution at higher layers to see further behavior of flow uniformity.
2. EXPERIMENTAL INSTALLATION
Experiments are carried out on the installation shown on fig. 1. It is composed of a column with a
diameter of 470 mm, which height reaches 2.1 m. The air is brought by a fan, passes through a pipe,
diaphragm and flow regulator (valve) and enters the column through a gas inlet device (nozzle). Air
flow rate is determined using a U-shaped differential manometer and diaphragm, and pressure drop of
the packed layer is measured by precise optical differential manometer with accuracy of 0.01 mm H20.

Fig. 1. Scheme of the experimental installation.
1. column; 2. pipe; 3. flow meter; 4. valve; 5. gas inlet device; 6. column section; 7. packing; 8.
supporting grid; 9. U-shaped differential manometer; 10. optical manometer; 11. thermo-anemometer.
To improve the initial distribution six grids of HOLPACK packing are mounted above the gas inlet
nozzle. It is shown that in this way the initial maldistribution is reduced to three times.
Velocity profile is measured by thermoanemometer without a counter-currently moving liquid. It has
accuracy and repeatability not exceeding 2 % of scale range. The device is connected to a computer
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that takes into account and averages the results of 100 measurements at each point. The measurement
is done on 123 points, situated uniformly across the column section.
3. EXPERIMENTAL RESULTS
As a measure of the non-uniform velocity distribution in the column section is used the so called
maldistribution factor Mf (Petrova et al., 2008). It is an integral indicator that takes into account both
the velocity values and the section of the apparatus, which they occupy, i.e. their weight in the flow.
When we have cells with equal surface area, the maldistribution factor is formulated as (Petrova et al.,
2010):
Mf 

2
1 n  wi  w0 

n  1 i1 w0 

,

(1)

where wi is the velocity in the i-th measuring point, w0 – the mean velocity on the cross-section and n
is the number of measuring points.

Fig. 2. Photo of Raschig Super – ring
Two types of Raschig super – ring packings are investigated, which main characteristics are given in
table 1. The velocity profile is determined in five packing layer heights: 0.5 m; 0.8 m; 1.3 m; 1.6 m
and 2.1 m at three different average velocities – 1.3, 1.6 and 2 m/s.
Table 1. Characteristic of the investigated packings
Type of packing

Nominal
diameter, mm

Surface area,
m2/m3

Free volume, %

RSRM 0.5

20

250

RSRM 1.5

38

120

Weight,
3

Number,

kg/m

1/m3

97

275

145 000

98

170

13 100

Earlier studies with these packings are made at height of the layer to 0.8 m. The experiments have
been made at initial maldistribution of about 60 % - there were not used grids for preliminarily
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equalization of the velocity profile. In recent research is shown that using such grids, the initial
maldistribution is reduced to 22 % - i.e. almost three times.
The previous experiments with RSRM 0.5 have shown a quite fast equalization of the velocity profile,
in spite of the large initial maldistribution – at height of 0.12 m the maldistribution is reduced to 23.6
%.
On fig. 3 is shown the variation of maldistribution factor from the height of packing layer for three
different velocities. The first to see is that at the lowest velocity, the maldistribution is a little higher
then others. Also is observed that for the higher velocities, there is a deterioration of the uniformity at
bigger layer heights – at operating velocity of 1.6 m/s uniformity deterioration occurs on the biggest
height – 2.1 m and at velocity of 2 m/s the deterioration is on 1.6 m height. To identify the reason for
this uniformity deterioration the velocity profiles along the column cross-section should be examined.

Fig. 3 Maldistribution factor as a function of packing layer height for packing RSRM 0.5.
Fig. 4 shows the profiles at velocity of 2 m/s for heights of 1.3 and 2.1 m. While at a height of 1.3 m
were observed alternating areas of lower and higher velocities with no big relative difference, at
greater height can be seen a quite good uniformity as a whole, but a few areas along the column wall
with noticeably higher velocities.
Interesting are the previous studies for RSRM 1.5. There after the initial sharp reduction of the
maldistribution from the packing layer (reaching the so called penetration depth), the value of the
maldistribution factor begins to increase. This is explained by the difference in the curvature of the
wall and the curvature of the packing element, leading to a different free section in the wall region and
the bulk of the packing. As a consequence the velocities near the wall are higher than those in the
packing and this difference increase in height of the apparatus.
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a.

b.

Fig.4. Velocity profiles for RSRM 0.5 at heights of 1.3 m and 2.1 m
The recent results for packing RSRM 1.5 are given on fig. 5 for two different velocities – 1.3 m/s and
2 m/s. Here is observed a small difference in the maldistribution for these velocities, which is more
obvious in the shorter layers. It also can be seen that there is no deterioration in uniformity with
increasing layer height, unlike the previous experiments. Therefore equalizing the velocity by
mounting grids below the packing layer helps to improve the overall flow uniformity.

Fig. 5 Maldistribution factor as a function of packing layer height for packing RSRM 1.5.
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Fig. 6a shows the velocity profile at a height of 1.3 m, where the maldistribution factor is determined
to be lowest – Mf = 0.16, and the next figure 6b is the profile at 1.6 m where the maldistribution factor
is highest – 0.197. It is clearly seen that in the latter case there are higher velocity values in certain
areas of the wall zone. So the existence of the so-called “wall effect” directly affects the overall
maldistribution of the flow.

a.

b.

Fig.6. Velocity profiles for RSRM 1.5 at heights of 1.3 m and 1.6 m
Since the variation of the maldistribution factor at column height is almost constant, the two packings
can be compared by determining the average value of Mf for the entire range. At velocity of 2 m/s the
average maldistribution factor for packing RSRM 0.5 is 0.1582 and for RSRM 1.5 – 0.1764, i.e.
RSRM 0.5 achieves better uniformity. This is expected as this packing has smaller nominal size, the
channels that it forms are smaller and respectively has higher pressure drop.
It is known that higher pressure drop contributes to improving the gas flow uniformity. The measured
pressure drop for both packings is given on fig.7. There can be seen the pressure drop for both average
operating velocities. In both cases RSRM 0.5 shows higher pressure drop, as the difference is notably
large at 2 m/s.
4. CONCLUSION
The studies on gas phase distribution in columns with modern random packings show that at a good
initial distribution, the uniformity of the velocity profile on the column cross section is relatively
stable. Deterioration occurred only at the highest layers, because of formation of bypass flows along
the wall of the apparatus. This uniformity deterioration is significantly less than in previous
experiments accomplished without equalizing the initial distribution. The values of maldistribution
factor are determined – for packing RSRM 0.5 – between 0.14 and 0.17 at velocities of 1.6 and 2 m/s,
and for RSRM 1.5 – ranging from 0.16 and 0.19. At the lowest velocity – 1.3 m/s for both packings
Mf reaches 0.23.
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Fig. 7. Pressure drop of investigated packings
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MATHEMATICAL MODELING OF THE MIXING ZONE
FOR GETTING BIMETALLIC COMPOUND
Stanislav L. Kim
Institute of Applied Mechanics, Ural Branch RAS, 426-67, Izhevsk, ul.T.Baramzinoy, 34

Abstract
A mathematical model of the formation of atomic bonds in metals and alloys, based on the
electrostatic interaction between the outer electron shells of atoms of chemical elements.
Key words: mathematical model, the interatomic bonds, the electron shell of atoms, the potential, the
electron density, bimetallic compound.

INTRODUCTION
According to modern notions [1], the interaction of atoms with each other is carried out mainly by the
Coulomb interaction of their outer electron shells, formed by the valence electrons. Because the metal
materials and completing electronic density of the outer electron shells is much smaller than the
density and occupancy of the inner shells, we can assume that the influence of quantum effects in the
interatomic interaction between two atoms is negligible. If we assume that the electronic
configurations of atoms are already known, then the potential energy of their interaction (interatomic
potential) can be found as the Coulomb interaction energy. Assuming the distribution function of the
electron density in the atom-known, we can define the parameters of this distribution from the
experimental characteristics of single-component metallic crystals. These options can be found by
solving the inverse problem of electrostatics, and must appear in the expression for the interatomic
potential. This circumstance is of fundamental importance because if we find the electron density
distribution in the atom, it becomes possible in principle to solve the problem of describing
multicomponent compounds and in particular - bimetal. Simulating the appearance of electron density
distribution in the atom, you can pick it up so that the calculated values of the known characteristics of
the crystals would have been close to the experimental values. Then we can assume that the form of
electronic distribution most closely resembles the one that takes place in real atoms.
MATHEMATICAL MODEL OF INTERACTION OF ATOMS
Potential of the electrostatic interaction between atoms is entirely dependent on the nature of the
electron density distribution in atoms. In this model, the electron density is defined as the density of
only the outer valence electron shells of atoms. This is because it is the socialization of the valence
electrons of the atoms leads to the formation of atomic bonds in solids [2].
Assume that the charge of the outer shells of the atom q1 evenly distributed on the surface of a thin
sphere of radius R1, centered on the nucleus, and offset part of the nuclear charge.
Consider the interaction of atoms 1 and 2 with the parameters of distributions  R1 , q1  and  R2 , q2  )
respectively. Let R be the distance between the centers of atoms (Fig. 1). As justified above, the
interaction between atoms is due only to electrostatic forces. Then the potential of interatomic
interaction can be represented as:
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  R   c1  c2  R   c1  n2  R    n1 c2  R   n1  n2  R  ,

(1)

where the first term corresponds to the interaction of the outer electron shells of atoms 1 and 2 with
each other, the second and third - shell nuclei, and the last - the interaction of the nuclei.
Each term of equation (1) is obtained by integrating the volume density of the Coulomb interaction
energy of the electron distribution.

Fig. 1. Scheme of the overlap of electron shells of atoms 1 and 2
The interaction energy of nuclei with each other is determined by:

 n1 n2  R   k

q1q2
,
R

(2)

where - the size factor: k = 14,4 (eV • Å/ е2).
We denote the potential created by the outer electronic shells of atom 1 at a distance from the nucleus,
and through - the corresponding potential created by the electron shells of the second atom. Then (Fig.
1):

 q1
k R , при r  R1
1  r    1
k q1 , при r  R
1
 r
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 q2
k R , при r  R2
2  r   2
k q2 , при r  R
2
 r

(4)

Interaction energy of charged spheres with nuclei of neighboring atoms can be written as a system of
equations:

 q1q2
k R , при R  R1
1
 c1  c2  1  R   q2  
;
k q1q2 , при R  R
1

R

(5)

 q1q2
 k R , при R  R2
2
  2  R   q1  
.
q
q
 k 1 2 , при R  R
2

R

(6)

 c2 n1

Consider the interaction of shells 1 and 2 with each other. It is obvious that at large interatomic
distances, when the electron shells do not overlap, their interaction with each other is equal. Then:

 c1  c2  k

q1q2
,
R

(7)

which coincides with the interaction energy of nuclei from the equation (2).
Consider the case of overlapping electron shells. The condition of the overlap can be written in the
form of inequality R  R1  R2 .



Let r1 - the radius vector drawn from the center of the nucleus of the atom 1 in one of the points of
the electron shell of atom 2, near which is the charge dq2 , that is, one of the points of the sphere of
atom 2. Then:

 c1 c2 



1  r  dq2

.

(8)

по сфере 2

Under the charge dq2 in equation (8) should be understood, some charge a shell of the second atom,
located on a thin ring of radius h and width dl (Fig. 1). Distance from any point of the ring to the
nuclei 1 and 2 remain unchanged. Then:

dq2 

q2
q
2hdl  k 2 r1dr1 .
2
4R2
2 RR2

(9)

Interatomic Potential must be represented in the form of two integrals, the first of which integration is
performed over the region scope of atom 2, located inside a sphere with a radius R1, and the second for the remainder of the scope of atom 2:
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 c1  c2  k

q1q2
2RR2

R1



R  R2

r1
dr1 
R1

R R2



k

R1

q1 q2
dr1 .
2 R2 R

(10)

After performing the appropriate integration, we obtain:

qq
 c1  c2  k 1 2
2

 1 1 1 R 2  R12  R22 
   
.
2RR1 R2 
 R R1 R2

(11)

Assume that R1>R2. Then, for the interatomic potential (1) subject to equations (2-11) is written as a
piecewise-smooth function:

 q1q2  3 1
1 R 2  R12  R22 
k
   
 , при R  R2
2RR1R2 
 2  R R1 R2

2
2
2


k q1q2  1  1  1  R  R1  R2  , при R2  R  R1
  R    2  R R1 R2
2 RR1R2 
.

2
2
2
k q1q2   1  1  1  R  R1  R2  , при R  R  R  R

1
1
2
 2  R R1 R2
2RR1R2 

0, при R  R1  R2

(12)

If the interacting atoms are identical, ie and, the expression for the interatomic potential can be
simplified:

 2 1 1
R 
kq1    2  , при 0  R  R1
 R R1 4 R1 


1 1
R 

  R   kq12    2  , при R1  R  2 R1
 R1 R 4 R1 

0, при R  2 R
1



(13)

Fig. 2 is a kind of interatomic potential on the equation (12) and its component parts. As can be seen
from the graph, the minimum of interatomic potential is in R2 distance.
Internal energy of a single-component crystal can be represented as the sum of the energies of pair
interatomic interactions:

U  a 

1
   rj  ,
2 j

  has the form of equation (13), a

were  rj

(14)

- lattice parameter.

Conditions for the stability of the crystal lattice with the experimental values of the lattice parameter
a0 and the sublimation energy ЕS can be written as:
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dU
0 ,
da0

U  a0    Es ,

r
j

j

d
0 .
drj

(15)

For definiteness, let R1/а0 = 1. Then, for the chemical elements with face-centered cubic (FCC)
calculated from the dependence (14) energy-component crystal U(a) will have the form shown in Fig.

Fig. 2. Form of the interatomic potential by equation (12) (solid line) and its component parts:

 n1  n2 ,  n2   c1 ,  n1   c2 ,  c1   c2 when q1=1, R1=1,5Å and q2=1, R2=1,0Å
3.
U, eV

4

2,0
0

2,2

2,4

2,6

2,8

а1

3,0

а0

3,2

3,4

r, А

-4

ЕS

Fig. 3. Dependence of the internal energy of the crystal of a chemical element with the FCC the size of
the unit cell a and a scheme for determining the equilibrium value lattice parameter
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As can be seen from the graph (Fig. 3), the dependence of the internal energy of the lattice parameter
is also a piecewise smooth function. Availability intervals piecewise smoothness is due to the
influence of interaction not only atoms 1 and 2 with each other, but also with other atoms, forming a
crystal lattice, the electronic sphere which fall within the scope of the potential interaction between
atoms 1 and 2 (R<R1+R2).
Formally, the condition (15) can be performed at multiple points (eg, break points of the curve).
However, the values of the lattice parameter at these points are not physically acceptable. A similar
dependence U(a) is obtained for a different choice R1.
In view of the mentioned circumstances, it becomes obvious that the derivative dU/da must be
found numerically, using finite-difference methods. At the same time step a of numerical
differentiation should be chosen large enough to encompass several piecewise-smooth intervals (Fig.
3).
MATHEMATICAL MODELING
Take a test lattice parameter a1 near the expected value for a sufficiently long interval Δa. The values
of internal energy in the points a1  a , a1 , a1  a denoted, respectively, U 1 , U 2 , U 3 ; ie ,.

U 1  U  a1  a  , U 2  U  a1  , U 3  U  a1  a  . Through the points obtained will hold a
parabola. Position of the minimum of this parabola must specify the equilibrium а0 lattice parameter.
Then the value of the minimum energy parabola should correspond to the value of the sublimation
energy ЕS. By varying the value of R1 can consistently pick her up so that the lattice parameter found
from the above scheme, consistent with the experimental value а0 . In this case, the charge of the shell
is selected from the condition (15), taking into account the depth of the minimum of the parabola.
Equation (15) that the values of R1 are determined only by the type of crystal lattice with a value а0 .
Therefore, for items with the same type of crystal lattice ratio R1/ а0 should remain unchanged. Indeed,
calculations show that for FCC metals R1/ а0 = 0,75007. This means that the interatomic interaction is
nonzero only for atoms at a distance of the first coordination spheres. Atoms being located at a
distance of the first coordination sphere (r1=0,707; а0<R1) repel each other. A atoms in the nodes of
the second - fourth spheres, have a mutual attraction
A somewhat different picture is obtained for crystals with a body-centered (BCC) lattice, where R1/а0
= 1,00249. Potential in the BCC lattice is shestisfernym. The first two areas are working on the
repulsion, while the third - the sixth - the attraction.
RESULTS AND DISCUSSION
Absolute value R1 and the charge found on the above scheme for most elements with the FCC and
BCC, along with the original experimental values of the lattice parameter and the energy of
sublimation are given in Table 1.
It should be noted that the values of R1 and the outer shells of charge q1, given in (Table 1) are not the
only solutions obtained by the above algorithm. For example, an alternative to Fe can be R1/а0=2,07
and q1=0,762. However, with this decision in equation (14) must interact atoms at a distance up to the
12th coordination sphere, which seems unlikely from a physical point of view.
The internal energy of the ordered alloy per structural unit was found from the relation:
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U спл  a  

1
 mn  rmn  ,
2 m n

(16)

where the index m indicates the number and type of atoms in this structural unit, for example, Fe1,
Fe2, Fe3, Al1 Al1 in the structural unit Fe3 Al of the alloy with a superstructure D 03 ; n - the
number and type of atoms from the environment of the first in the limits of the number of coordination
spheres; rmn - the interatomic distance is proportional lattice parameter of the alloy a.
The equilibrium lattice parameter a0 determined by minimizing the function Uспл approximating
parabola.
As the internal energy of the alloy was taken at the energy of pair interaction of its atoms, determined
by the method of [10], taking into account the heat of mixing [11]. Comparison of the values found for
the binding energy of binary alloys was carried out with the energy value of the sublimation ЕS.
According to the above algorithm, we calculated the lattice parameters and binding energies in these
alloys arranged in a superstructure of type B2, D 03 , L12 , in comparison with known experimental
data (Table 2).
Due to the parabolic approximation of the internal energy for the calculated values a0 , Uспл (Table 2)
has a slight discrepancy.

Table 1. Experimental data and calculated values R1 and q1
for a number of chemical elements
Experimental data [1, 3, 4]
Chemical
element

Calculated values

The lattice
parameter а0,

Sublimation
energy

Å

Es , эВ

R 1, Å

Li

3,509

1,650

3,5177

0,5014

Na

4,291

1,130

4,3017

0,4589

K

5,247

0,941

5,2601

0,4630

Rb

5,700

0,858

5,7142

0,4608

Cs

6,140

0,827

6,1523

0,4696

V

3,028

5,300

3,0355

0,8348

2,885

4,100

2,8922

0,7167

Fe

2,866

4,290

2,8731

0,7307

Nb

3,301

7,470

3,3092

1,5566

Mo

3,147

6,810

3,1548

0,9647

Ba

5,025

1,860

5,0375

0,6371

W

3,165

8,660

3,1729

1,0909

Eu

4,606

1,800

4,6175

0,6000

Cr

Lattice
type

BCC
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Ta

3,805

8,089

3,8145

1,1561

Pa

3,925

5,460

3,9348

0,9647

Al

4,049

3,340

3,0370

0,6725

Ca

5,582

1,825

4,1869

0,5836

Ni

3,524

4,435

2,6432

0,7229

Cu

3,615

3,500

2,7115

0,6504

Rh

3,803

5,752

2,8525

0,8552

Pd

3,889

3,936

2,9170

0,7154

4,086

2,960

3,0648

0,6359

Ir

3,839

6,930

2,8795

0,9432

Pt

3,923

5,852

2,9425

0,8762

Au

4,079

3,780

3,0595

0,7180

Ce

5,161

4,770

3,8711

0,9073

Pr

5,160

3,900

3,8704

0,8203

Yb

5,486

1,600

4,1149

0,5418

Ag

FCC

Indeed, these numbers depend not only on the type of function U  a  , but also the choice of the
initial value a1 and step size a (Fig. 3).
In calculating the value a1 was set by a number of angstroms, the closest to the experimental value.
Trial step a is 0 ,2a1 . Table 2 shows that in alloys with a superstructure such as B 2 the calculated
values of lattice parameters are less well-known experimental values. The exceptions are the alloys
AlFe and AlPd , в которых a0 расч in which almost coincides with the experimental value. For
some alloys ( Ag Pr , AuCs , NaAl ) difference is quite significant (up to 20% in AuCs ). This is
explained by differences in the shells of the components ( q1 , R1 and q2 , R2 ) and as a
consequence, a large number of singularities on the chart U спл  a  . In alloys with superstructures

D03 and L12 deviations a0 расч from a0 эксп can as a positive and the negative side.
Thus, in the framework of the developed mathematical model that adequately describes the interaction
of atoms in metals and alloys, taking into account only the Coulomb forces of mutual attraction and
the assumption that the density of the electron shells of valence electrons of the atoms represented by
the function of "smearing" near the surface of thin spheres of radius R1 , targeted and tested
interatomic potential of metals and alloys.
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Table 2. The calculated and experimental equilibrium characteristics of some binary alloys with
superstructures type B 2 , D 03 , L12

Type of
superstructure

B2

D0 3

L13

L13
132

Alloy

a0 , Å
calculation

a0 , Å [1, 3-9]

U спл ( a ), эВ
calculation

ES , эВ [1, 3-9]

AgCe

3,718

3,740

7,235

7,730

AgLi

3,003

3,174

4,249

4,610

AgPr

3,458

3,735-3,739

6,551

6,860

AlFe

2,987

2,900

7,448

7,630

AlIr

2,925

2,977

9,864

10,270

AlNi

2,809

2,887

7,201

7,775

AlPd

3,096

3,030

7,286

7,276

AlPr

3,514

3,820

6,998

7,240

AlRh

2,933

2,990

8,751

9,092

AuCs

3,360

4,263

3,677

4,607

AuPr

3,386

3,680

7,118

7,680

CuPd

2,883

2,994

7,489

7,436

FeRh

2,915

2,987

10,043

10,042

NaAl

3,037

3,730

4,505

4,470

AlCu3

5,843

5,900

13,500

13,840

AlFe3

6,032

5,780

15,823

16,210

AlCe3

4,932

4,985-5,013

14,884

17,650

AlNi3

3,975

3,560

15,123

16,645

Al Pr3

5,453

4,950-5,007

14,295

15,040

AlPt3

4,374

3,876

19,981

20,896

Cu 3 Pd

3,821

3,650

15,927

14,436

Cu 3 Au

3,797

3,750

15,283

14,280

Cu 3 Pt

3,809

3,68

17,566

16,352

FePd 3

3,899

3,848-3,851

16,298

16,098

Ir3Ta

3,822

3,861-3,889

29,383

28,879

Ir3V

3,897

3,812

25,812

26,090

NbRh3

3,815

3,865

25,309

24,726

Pt3 Zn

3,869

3,890

18,343

18,906
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Rh3 Sc

3,938

3,900

21,477

21,256

Rh3Ta

4,034

3,860

25,794

25,345

Rh3Th

3,829

4,139

24,094

23,182

Rh3V

3,897

3,795

23,016

22,556

CONCLUSION
Based on the electrostatic interaction between the outer electron shells of atoms of chemical elements
developed a mathematical model that adequately describes the formation of atomic bonds in metals
and alloys.
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SYNTHETIC ANALOGUES OF ALKALOID CHERYLLINE
Stanimir Manolov, Iliyan Ivanov, Stoyanka Nikolova
University of Plovdiv, Department of Organic Chemistry, 24 Tzar Assen str., 4000 Plovdiv, Bulgaria

Abstract
An application of -amidoalkylation reaction, as an alternative efficient synthesis of analogues of
cherylline, is reported. The required for this purpose amides would arise from reaction of
aminoacetaldehyd-dimethylacetal with veratrole (1,2-dimetoxybenzene) in polyphosphoric acid,
followed by acylation of obtained amines with different acid chlorides or sulfochlorides. Variety of
reaction conditions – acidity of milieu, temperature and reaction time, were used for optimization the
conditions for the final cyclization stage.
Key words: cherylline, 4-aryl- tetrahydroisoquinolines,-amidoalkylation reaction

1. INTRODUCTION
Many tetrahydroisoquinoline alkaloids show interesting biological activities. One of them are
Amaryllidaceae1,2 family which has been one of the most studied because of its alkaloids composition.
In 1970, Brossi et al.3 isolated an alkaloid with 4-aryl-1,2,3,4-tetrahydroisoquinoline structure named
cherylline from Crinum Powelli.
It is a representative of the very rare natural 4-aryl-1,2,3,4-tetrahydroisoquinoline alkaloids. Some of
them are valuable medicines with centrally stimulating, thymoleptic, and antiarrhythmic actions.4,5
Others exhibit broad spectrum calcium antagonistic,6 antibacterial,7 antiplasmodial,2,8-11 estrogen
agonist/antagonist activity,12 and serotin (5-HT) re-uptake.13
OH

OH

Cl
Cl

OH
MeO

MeO
N

HO

N

N

MeO

N

NH2

cherylline

latifine

nomifensine

dichlofensine

Due to the uniqueness of the structure and potential medicinal properties of the 4-arylisoquinoline
derivatives,14 many synthetic routes for these compounds15 and especially cherylline have been
reported. Hence, the formation of the nitrogen-containing ring of 4-aryl-1,2,3,4tetrahydroisoquinolines has been achieved with several reactions such as Bischler-Napieralski;16-18
intramolecular Horner;19 Friedel-Crafts;11,19-25 followed by reduction, reductive amination-transfer
hydrogenation26, electrophilic aromatic substitution 27, Pd(II)- or Ag(I)-catalyzed N-alkylation28, and
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palladium-catalyzed alkylation/alkenylation-aza-Micahel addition reactions26; Pictet-Spengler,29 and
oxazoline driven chemistry30 among others.17, 31-38
2. RESULTS AND DISCUSSION
Due to the uniqueness of its structure and owing to the potential medicinal properties of the 4arylisoquinoline derivatives, many investigations have been carried out on this class of alkaloids.
There are several reports for the syntheses of cherylline. However, these methods require multistep
sequences and are not focused on achieving synthetic efficiently by application of the contemporary
methods involving the generation of several bonds in a single operation 39.
Cherylline has been pepared from the trihydroxy derivatives by adapting a sophisticated route which
mimics the biogenetic pathway operative in the formation of Amarylidaceae40. It is also accessible by
a synthetic route based upon the Bishler-Napieralski reaction of N-formyl41 and isocyanide42
derivatives of polyalkoxyphenethylamines accompanied by several protection and deprotection steps.
This synthetic approach has also been successfully used for the enantioselective synthesis of ()cherylline which could equally be obtained by Polonovski reaction of correctly substituted
dibenzozacine N-oxides43. Thus cherylline has been synthesized in different ways, the most common
ones involving the acid-catalyzed cyclization of suitably substituted norbelladine derivatives19,40,41,44.
The methods employed differ mainly in the nature of the leaving group (OR, OH or X) prone to
generate the carbocationic species involved in the annulation step. Cresente-Campo et al.45 present
simple and efficient method for the synthesis of 4-aryl-1,2,3,4-tetrahydroisoquinoline alkaloids from
acetophenones following a linear sequence of three chemical operations, which include
hydroamination of an enol carbamate as a key step. Kale et al. reported an alternative synthesis of (±)cherylline dimethyl ether, the key step of which involved Michael addition, radiacal azidonation of
aldehydes46, Curtius rearrangement, and reduction of an isocyanate intermediate followed by PictetSpengler cyclizaton47. An alternative synthesis of (±)-cherylline dimethyl ether also was reported 48.
The steps involved were acid-catalyzed Michael addition of veratrole to p-methoxycinnamic acid,
Curtius rearrangement, reduction of isoqcyanate intermediate followed by Pictet-Spengler cyclization.
Ruchirawat et al.17 described another route for the synthesis of 4-aryltetrahydroisoquinolines,
especially cherylline, using the addition of Grignard reagents to nitrostyrene derivatives as the key
step. Kametani35 reported synthesis of cherylline from starting addition of 1-equivalent of bromine to
4-benzyloxystyrene to 4-benzyloxy-,-dibromoethylbenzene, which was converted to 4-benzyloxy-methoxyphenthyl bromide. Fusion of this compound with 3-benzyloxy-4-methoxy-N-benzylamine
gave the tertiary amine whose cyclization followed by debenzylation afforded (±)-cherylline. Lebrun38
devised new method for the preparation of enantiopure (+) and ()-cherylline through reduction of a
diarylenamine equipped with a chiral auxiliary, concominant and differentiated deprotections followed
by ultimate cyclization.
Recently, Balamurugan39 described a facile and convergent one-pot three-component protocol for the
synthesis of polysubstituted tetrahydroisoquinolines of potential pharmaceutical and biological
importance, via a domino Knoevenagel condensation/Micahel addition/Thorpe-Ziegler cyclization/airpromoted dehydrogenation sequence.
Kumar49 described synthesis of cherylline from starting nitrostyrenes and veratrole or anisole in
trifluoracetic acid. Subsequent reduction of nitro group, followed by Pictet-Spengler reaction gave
corresponding products.
There are number of synthetic routes for the synthesis of cherylline and its derivatives but there are
have no data about application of α-amidoalkylation reaction for its synthesis. In continuation of our
work in developing efficient methods for the synthesis of alkaloids, we report herein application of αamidoalkylation reaction, an alternative efficient synthesis of cherylline derivatives.
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Scheme 2. (a) PPA, rt; (b) CH3COCl or CH3SO2Cl, NEt3, rt;
(c) CH2O, CH3COOH:CF3CCOOH = 4:1 rt
We tried to applied Klumpp’s50 protocol for the synthesis of required starting materials, between
amino acetals and veratrole in the presence of polyphosphoric acid instead of triflic acid. We have
found that aminoacetaldehyd-dimethylacetal react with excess of 1,2-dimetoxybenzene (veratrol) in
PPA at rt to give good (91%) yield of corresponding product 3 (Scheme 2). We obtained the amine 3
with 89-91% yields.
The required for the next step of our synthesis amides 4 we prepared by acylation of obtained amines 3
with acetyl chloride and methanesulfonyl chloride.
Table 1
4

R

Yield,
%

mp, °C

5

R

Yield,
%

mp, °C

a

COCH3

91

126-128

a

COCH3

89

oil

b

SO2CH3

90

49-52

b

SO2CH3

87

155-159

The next step was the cyclization of the newly synthesized hydroxyamides. We applied the αamidoalkylation reaction for the synthesis of cherylline derivatives. Variety of reaction conditions –
acidity of milieu, temperature and reaction time, were used for optimization the conditions for the final
cyclization stage. The obtained results show that 4-aryl-N-acyl-1,2,3,4-tetrahydroisoquinolines 5 have
been obtained with good yields in the milieu of acetic:trifluoracetic acid=4:1 for 8h at room
temperature (for sulfonamides) or by heating for the others - 80оС, 3h.
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Finally, we succeeded to prepare cherylline derivatives using simple protocol. For the final cyclization
step we applied the -amidoalkylation reaction as an alternative efficient method for the synthesis of
cherylline analogues.
3. EXPERIMENTAL SECTION
Reagents and chemicals were purchased from commercial sources [Fluka and Merck] and used as
received. Melting points were determined on a Boetius hostage apparatus and are uncorrected. Spectra
were recorded on a Bruker Avance DRX250 spectrometer. 1H-NMR and 13C-NMR spectra were taken
in CDCl3 at 250 MHz and 62.5 MHz respectively. Chemical shifts were given in part per million
(ppm) relative and were referenced to TMS (=0.00ppm) as an internal standard and coupling
constants are indicated in Hz. All the NMR spectra were taken at rt (ac. 295 K). TLC was carried out
on precoated 0.2 mm Fluka silica gel 60 plates. Merck silica gel 60 (0.063-0.2mm) was used for
column chromatographic separation. Polyphosphoric acid was obtained from 85% phosphoric acid and
P2O5 (1:1 w/w).
Synthesis of 2,2-bis(3,4-dimethoxyphenyl)ethanamine 3.
Aminoacetaldehyde dimethylacetal 1 (0,37 g, 2 mmol) was dissolved in 22.47 mmol of the veratrole in
an open flask and polyphosphoric acid (5 g) was added. The reaction mixture was stirred for 20 min at
rt. After completion of the reaction, the mixture was poured over ice. The organic layer was removed
and after that the water layer the solution was carefully alkalized with 25 % ammonia, then extracted
with CH2Cl2 (3x20 mL). Combined extracts were dried (Na2SO4) and concentrated. The products, after
evaporation of the solvent, were purified by column chromatography on silica gel using Et2O as
eluent.
1

H-NMR: 1.77 (broad s, 2H, NH2), 3.24 (dd, 2H, J=4.6, 7.9, CH2), 3.78 (s, 6H, 2xOCH3), 3.87 (td, 1H,
J=7.1, 10.3, CH), 6.85 (ddd, 4H, J=2.3, 4.9, 6.6, Ar), 7.12-7.21 (m, 4H, Ar); 13C-NMR: 135.2, 134.7,
132.2, 131.5, 129.3, 128.9, 127.6, 127.4, 120.6, 114.1, 113.9, 110.9, 55.5, 55.3, 53.4, 46.3.
Acylation of amines 3 – typical procedure for amides 4.
To the solution of 1 mmol of amine 3 in dichlorormethane equal amount of acetyl chloride or
methanesulfonyl chloride was added. After 10 min a little excess of triethylamine was added. After 30
min the solution was washed with diluted hydrochloric acid, saturated solution of Na2CO3 and water.
The organic layer was dried (Na2SO4), concentrated and filtered filtered on short column with neutral
Al2O3.
N-(2,2-bis(3,4-dimethoxyphenyl)ethyl)acetamide 4a, 1H-NMR: 1.91 (s, 3H, CH3), 3.82-3.90 (m, 2H,
CH2), overlapped with 3.85 (s, 6H, 2xOCH3), 3.87 (s, 6H, 2xOCH3), 4.08 (t, 1H, J=7.9, CH), 5.46 (t,
1H, J=5.7, NH), 6.76 (dd, J=1.9, 5.8, 2H, Ar), 6.81 (d, J=1.9, 2H, Ar), 6.83 (s, 1H, Ar), 6.86 (s, 1H,
Ar); 13C-NMR: 170.0, 149.1, 147.9, 134.5, 119.7, 111.5, 111.3, 55.89, 55.86, 49.7, 44.0, 23.3.
N-(2,2-bis(3,4-dimethoxyphenyl)ethyl)methanesulfonamide 4b, 1H-NMR: 2.84 (s, 3H, CH3), 3.67
(d, 2H, J=7.7, CH2), 3.83 (s, 6H, 2xOCH3), 3.85 (s, 6H, 2xOCH3), 4.09 (t, 1H, J=7.8, CH), 4.32 (broad
s, 1H, NH), 6.74 (dd, 2H, J=1.8, 9.8, Ar), 6.80 (d, 2H, J=1.9, Ar), 6.81 (s, 1H, Ar), 6.84 (s, 1H, Ar);
13
C-NMR: 149.3, 148.2, 133.6, 119.7, 111.5, 111.4, 55.94, 55.91, 50.4, 47.7, 40.5.
Cyclization of amides 4 with paraformaldehyde – typical procesure.
Amides 4 (3 mmol) and a little excess of paraformaldehyde were dissolved in a mixture of
CH3COOH/CF3COOH=4:1 and the solution was refluxed for 2 h. The mixture was poured on the
water and extracted with CH2Cl2 (3 x 20 mL). The organic layers was washed with 20 % aq. Na2CO3
and water, dried with Na2SO4. The solvent was disstiled and the products were purified by column
chromatography on neutral Al2O3.
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1-(4-(3,4-dimethoxyphenyl)-6,7-dimethoxy-3,4-dihydroisoquinolin-2(1H)-yl)ethanone 5a, 1HNMR: 1.66 (s, 3H, CH3), 3.74 (s, 2H, CH2), 3.81 (s, 6H, 2xOCH3), 3.90 (s, 6H, 2xOCH3), 4.90 (t, 1H,
J=1.0, CH), 5.37 (d, 2H, J=5.9, CH2), 6.47 (s, 1H, Ar), 6.59 (dd, 1H, J=1.96, 3.8, Ar), 6.69 (s, 1H, Ar),
6.74-6.82 (m, 2H, Ar); 13C-NMR: 170.0, 149.0, 148.3, 148.1, 148.0, 135.5, 127.9, 125.1, 120.7, 111.8,
111.4, 111.2, 109.2, 108.6, 56.2, 56.0, 55.93, 55.89, 51.5, 44.6, 43.9, 20.9.
4-(3,4-dimethoxyphenyl)-6,7-dimethoxy-2-(methylsulfonyl)-1,2,3,4-tetrahydroisoquinoline
5b,
1
H-NMR: 2.72 (s, 3H, CH3), 3.41 (dd, 1H, J=7.4, 12.4, CH2), 3.72 (s, 3H, OCH3), 3.84 (dd, 1H, J=3.1,
9.8, CH2), overlapped with 3.84 (s, 3H, OCH3), 3.89 (s, 3H, OCH3), 3.90 (s, 3H, OCH3), 4.21 (dd, 1H,
J=5.6, 6.2, CH), 4.49 (s, 1H, CH2), 4.52 (s, 1H, CH2), 6.46 (s, 1H, Ar), 6.64 (s, 1H, Ar), 6.67-6.71 (m,
2H, Ar), 6.81-6.85 (m, 1H, Ar); 13C-NMR: 149.0, 148.2, 148.1, 135.0, 128.2, 124.1, 121.0, 112.1,
111.9, 111.2, 108.5, 56.0, 55.9, 51.1, 47.3, 44.3, 36.3.
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EXTRACTION OF COPPER ZINC AND IRON FROM HYDROCHLORIC ACID
SOLUTIONS BY MEANS OF DIFFERENT EXTRACTANTS
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Abstract
The extraction of copper, zinc and iron from hydrochloric acid solutions has been studied. The
experiments have been carried out using various solvents, involving different extraction mechanisms –
solvating, anion-exchange, kation-exchange, bifunctional. Mixtures of these extractants have been
also used. The extraction properties of these extractant mixtures toward copper, zinc and iron, the
effect of used modifiers and diluents have been also investigated.
Key words: Copper, Zinc, Iron, Extraction, Extractant, Modifier, Diluent.

1. INTRODUCTION
The chloride hydrometallurgy gives up metals dissolved in chloride media. Copper, iron and zinc often
coexist in leach chloride solutions and various waste industrial effluents. These waste-waters are
dangerous to the nature and before the ejection of the mentioned effluents to environment the
hydrochloric acid and metals must be removed. Besides, the metals are of great interest for the
industry. The recovery of these metals can be successfully accomplished applying a solvent extraction
process.
The studies on the removal of copper, iron and zinc from hydrochloric acid solutions have been
carried out using various solvents, which extract metals through different mechanisms - solvating,
anion-exchange, cation-exchange, bifunctional, as well as mixtures of these extractants. The extraction
properties of the extractant mixtures, the effect of used modifiers and diluents have been studied.
2. PURPOSE
The purpose of this work is to find out the extraction possibility of different commercial extractants
for selection of suitable solvent for effective removal of copper, iron and zinc from hydrochloric acid
solutions with low and high chloride contents by means of solvent extraction. In the feed solutions
copper, iron and zinc present individually. The aim of this investigation is to determinate their
behavior in coexistence in a hydrochloric medium in view of their further separation from it.
3. THEORETICAL
Liquid-liquid extraction aims removal and separation of components in aqueous feed solutions. The
main factor that influences the efficiency of the process is the composition of the organic phase. In
general, it contains extractant, diluent and modifier. In some cases the sovent contains two extractants,
one of them is not active at the conditions of the experiments, but influences the extent of extraction.
Thus, different types of reagents can be used to transfer the preferred species into the organic phase.
The solvent extraction of metals – zinc(II), copper(II) and iron(II and III) from chloride solutions
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make use of several cation-exchange, anion-exchange, bifunctional and solvating reagents. Depending
upon chloride concentration in the feed solution Me(II) can be present in cationic forms (Me2+ and
MeCl+), neutral species (MeCl2) or anionic complexes (MeCl3- and MeCl42-), respectively for Fe(III):
FeCl36- , FeCl52- , FeCl-4 , FeCl3 , FeCl 2 , FeCl2  . Thus for their removal different extractants can be
used. The chemistry of solvent extraction process accompanied with chemical reaction in the organic
phase, discussed in the literature [1-3], is given here briefly.
Cation-exchange reagents for metal solvent extraction. The equilibrium extraction of metals (Men+) by
liquid cation-exchangers (RH, where R is the organic radical) can be generally presented as:

n RH  Me n   (R) n Me  nH  .

(1)

The bar, here and after, denotes species in the organic phase.
During the metal extraction process protons are released to the aqueous solution and the metal cations
form appropriate complexes with the extractant in the organic phase. It is obvious that the extraction
reaction is pH-dependent and a strong control and adjustment of appropriate value of pH is required
for complete extraction of the metal (shifting the reaction equilibrium to the right).
The di(2-ethylhexyl) phosphoric acid (D2EHPA) is the most often used extractant for zinc(II) [4,5], as
well as for iron [6,7]. The high acidity and high chloride concentrations of the aqueous solutions are
the main prerequisites for the formation of stable chloride complexes of metals, therefore in the
present work cation-exchange extractants were not used separately.
Chelating reagents (HL) for metal solvent extraction. Stable chelate complexes are formed and
extracted, but the reaction is reversible and equivalent amounts of protons are liberated:

2HL  Me 2  MeL 2  2H 

(2)

Both hydroxyoximes and -diketones are chelating reagents.
The most spread chelating reagents from the group of the hydroxyoximes are the extractans of the LIX
type. Hydroxyoximes are broadly used to recover copper(II) from diluted acidic solutions. The use of
-diketones for the extraction of copper(II) is also well known. A representative of the -diketones
class is the commercial extractant LIX 54 of Henkel [8,9]
Representatives of the chelating reagents are the derivates of the 8-hydroxyquinoline known with the
brand names LIX 26 and Kelex 100. They are widely used for extraction of copper(II), zinc(II) and
other metals from acidic chloride media [10-12]. They are known also as bifunctional extractants,
because they have two functional groups extracting metals by different extraction mechanisms,
depending on the aqueous phase composition.
Anion-exchange reagents for metal solvent extraction. At high levels of chlorides and high
hydrochloric acid concentrations, which is usually the case in industrial solutions, in the aqueous
phase metal is present mainly as anionic complexes. The anionic chloride complexes of metal are
readily extracted by secondary, tertiary amines and quaternary ammonium salts. Primary amines are
not proper reagents because they easily form strong emulsions. The extraction reaction will follow one
of the mechanisms:
1) mechanism of adduction of the neutral metal complexes:

n R 3 N  nHX  MeX m  (R 3 NH) n MeX m n ;

(3)

2) anion-exchange mechanism:

n R 3 NHX  MeA nm n  (R 3 NH) n MeX m n  nX  .
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When amines are used for metal extraction the most probable mechanism is the adduction of the
neutral metal complex according to 1). For the extraction of metal by quaternary ammonium salts a
typical extraction mechanism is according to 2).
From tertiary amines, called also basic (B) reagents, TOA (tri-n-octylamine) and Alamine 336
(trialkylamine) are often used for metals from chloric and hydrochloric media [13,14]. When the
amine is preprotonated prior to the extraction then the predominant mechanism becomes the anionexchange, similarly to the extraction of metal by quaternary ammonium salts. The most spread
quaternary ammonium salt is Aliquat 336 (trialkylmethylammonium chloride) used for extraction of
Me(II) [15] and Fe (III) [16].
Solvating reagents for metal solvent extraction. At low acidity and low chloride content in the aqueous
phase extraction of the neutral species takes place. At the conditions of low acidity with pH near 3 and
chloride ions content of 4-6 M metals are mainly in the form of chlorocomplexes. Such solutions can
be effectively extracted with solvating reagents (S). In general form the metal extraction equilibrium
can be presented as:

Me n  nX   sS  MeX n .sS .

(5)

Bivalent metals such as Zn2+, Cd2+, Cu2+, Hg2+ are readily extracted from chloride media by the
commonly used solvating reagents, like TOPO (trioctylphosphine oxide) and TBP (tributyl phosphate)
[7, 17-20]. The solvating reagents, especially TBP used in undiluted form, extract also significant
amounts of mineral acids and water, forming various solvates.
4. EXPERIMENTAL
4.1. Reagents
Various reagents were used as extractants, presented in Table 1. Dodecan or low aromatic kerosene
(domestic product, bp=175-190oC) as diluents and 1-octanol or 1-decanol (Merck) as modifiers for the
organic solutions were used. Feed model aqueous solutions were prepared from copper chloride
(Merck), zinc chloride (Fluka), iron powder, hydrochloric acid and litium chloride (domestic
products). The acidity and the chloride content in the aqueous solutions were varied by means of HCl
and LiCl.
All reagents were of p.a. quality.
Table 1. Extracting agents used for metals recovery.
commercial
name

active substance

producer

D2EHPA

di(2-ethylhexyl)phosphoric acid

Koch-Light Laboratories Ltd.

LIX 54

phenyl alkyl beta-diketone

Henkel Co. M.I.D.

Alamine 336

trialkylamine, C8/C10 = 2:1

Henkel Co. M.I.D.

Aliquat 336

trialkylmethylammonium chloride, C8/C10 = 2:1

Henkel Co. M.I.D.

TOA

tri-n-octylamine

Fluka AG

Kelex 100

7-(4-ethyl-1-methyloctyl)-8-hydroxyquinoline

Shering AG

TBP

tri-n-butylphosphate

Koch-Light Laboratories Ltd.

TOPO

trioctylphosphine oxide

Hoechst
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The equilibrium experiments were performed in separatory funnels with organic and aqueous phase,
each of them with a volume of 50 cm3. To reach equilibrium the phases were intensively mixed on a
shaking machine with a frequency of 4 Hz for 1 to 5 min depending on the type of extractant. After the
organic and aqueous phase stratified, the compounds in the aqueous phase were analysed. The
concentrations of the components in the organic phase were calculated from the mass balance.
4.2. Analytical methods
One of the metals copper, zinc or iron is present in the aqueous phase. The concentration of copper
and zinc in the aqueous phase was determined by complexometric titration with EDTA with indicator
PAR for copper and PAN for zinc. Iron (total) and iron (III) concentration in the aqueous solutions
were photometricaly determined at 420 nm and 520 nm, respectively, using sulfosalicylic acid method.
The concentration of chloride ions in the aqueous solutions was measured by potentiometric titration
with an aqueous solution of silver nitrate of suitable concentration according to a modified Moor’s
method using the automatic titrator Radelkis type OP-506.
The acidity of the aqueous solutions was determined by potentiometric neutralization titration with an
aqueous solution of sodium hydroxide using a pH meter Radelkis type OP-264/1.

5. RESULTS AND DISCUSSION
Various extracting agents can be used to remove copper, iron and zinc from chloride media. The
studies on the removal of copper, iron and zinc from hydrochloric acid solutions were carried out
using various solvents, which extract metals through different mechanisms – solvating, anionexchange, cation-exchange, bifunctional, as well as mixtures of these extractants. The extraction
properties of the extractant mixtures, the effect of used modifier and diluent have been studied.
5.1. Extraction of hydrochloric acid
At first the organic phase composition of different solvents as 100% 1-decanol, 100% 1-оktanol, 100%
TBP, 70% Aliquat 336 and 20% Kelex 100 was tested for extraction only of hydrochloric acid. The
initial solution was: [H+]=2.136±0.15 mol/l, [Cl-]=5.164±0.05 mol/l. The obtained experimental
results are shown in Table 2.
Table 2. Extraction of HCl from initial solution: [H+]=2.1370.15 mol/l, [Cl-]=5.1640.1 mol/l.
EXTRACTANT

RAFFINATE

EXTRACT

[H+], mol/l

[Cl-], mol/l

[H+], mol/l

[Cl-], mol/l

100% 1-decanol

1.661

4.989

0.4453

0.4947

100% 1-octanol

2.051

2.036

0.1284

0.1333

100% TBP

1.524

4.988

0.5398

0.5685

70% Aliquat 336

1.762

4.722

0.6330

0.6902

1.963

4.612

0.1645

0.1618

30% kerosene
20% Kelex 100
15%1-octanol,65%kerosene
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From the comparison of the obtained results it is observed that hydrochloric acid is recovered not only
by the typical extractants, but also by 1-octanol and 1-decanol used as modifiers. The extracted
hydrochloric acid quantity when using 1-decanol is commensurate with that of the extractants, and
when using 1-octanol it is sufficiently well-defined.
Therefore, besides the extractants, the modifiers 1-octanol and 1-decanol also extract the hydrochloric
acid.
5.2. Extraction of copper
Extraction of copper (II) from acidic chloride solutions with individual extractants, mixture of two
extractants and bifunctional extractant is discussed and the results are presented in Table 3. The
composition of the model aqueous solutions was: [H+]=1.8750.3 mol/l, [Cl-]=2.73240.3 mol/l,
[Cu2+]=0.27860.05mol/l.
It was found that 100% 1-octanol (as an extractant) extracted hydrochloric acid but not the metal.
The mixture of quternary ammonium salts Aliquat 336 and the β-diketone LIX 54 was used for copper
recovery from hydrochloric solutions. The two reagents do not react with one another. Their most
appropriate ratio is 1:1. The composition of the extraction mixture was – 30%v/v Aliquat 336, 30%v/v
LIX 54 and 40% kerosene. The basic reagent can extract metal ion present in the form of anionic
chlorocomplexes. In washing the organic phase with water, the chloride ions pass into the water and
the copper – into the other extragent, the hydroxyoxime reagent. The recovery of copper by the
chelating extractant takes place when the nitrogen atom with a free electron pair present in the
dicarboxylate ester of pyridine is protonated at higher acidities and the protonated extractant reacts by
the ion exchange mechanism.
The idea of a mixture of two reagents, one basic and one chelating, can be realized with a single
extractant with two functional groups which extract in different mechanisms. The bifunctional
extractant Kelex 100 was also used, combining the properis of basic and chelating reagent. The
composition of the organic phase was – 20% Kelex 100, 15% 1-octanol, 65% kerosene.
In Table 3 it can be seen that the extracted quantities of copper by Aliquat 336/LIX 54 and Kelex 100
are approximately equal. Compared with that, the extracted quantity by TOA is nearly twice as much.
The removal of copper from hydrochloric acid solutions with low and high chloride contents by the
basic extractant TOA was studied, Table 4.
The inluence of the modifire 1-octanol and the diluent dodecane on the extraction of copper by means
of TOA was investigated, Tables 5 (a,b) and 6 (a,b).
It was found that TOA extracted mainly the hydrochloric acid, but not the metal when the initial
solution was with low chloride content. When the initial solution was with high chloride content TOA
extracted the hydrochloric acid and the formed anionic complex of the metal (copper).
The effect of TOA concentration in the organic phase onto the copper extraction at different chloride
contents in the feed is show in the Figure 1.
It was found that the extraction of the metal is a result only of increasing in the initial solution the
chloride ion concentration necessary to extract the hydrochloric acid and to compose the anionic metal
complex, in the form of which the copper is extracted.
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Table 3. Extraction of CuCl2 and HCl from initial solution: [H+]=1.8750.3 mol/l,
[Cl-]=2.73240.3 mol/l, [Cu2+]=0.27860.05 mol/l:
ORGANIC

RAFFINATE
+

-

EXTRACT
2+

PHASE

[H ],
mol/l

[Cl ],
mol/l

[Cu ],
mol/l

[H+],
mol/l

[Cl-],
mol/l

[Cu2+],
mol/l

100% 1-octanol

2.093

2.873

0.2472

0.2311

0.2743

0.

30% Lix 54

1.847

2.084

0.04956

0.08104

0.2983

0.1168

1.007

2.356

0.1789

0.1745

0.4706

0.1092

3.259

0.8332

0.0738

1.087

1.912

0.1911

30% Aliquat 336
40% kerosene
20% Kelex 100
15% 1-octanol,
65% kerosene
100% TOA

Table 4. (a and b). Extraction of CuCl2 and HCl by organic phase content of TOA and octanol:
a. [Cl-] feed=2.5 N; Initial solution: [H+]=1.822 mol/l, [Cl-]=2.510 mol/l, [Cu2+]=0.3123 mol/l.
Organic phase

RAFFINATE

EXTRACT

TOA/oktanol

[H+],
mol/l

[Cl-],
mol/l

[Cu2+],
mol/l

[H+],
mol/l

[Cl-],
mol/l

[Cu2+],
mol/l

10% TOA

1.724

2.378

0.3191

0.1302

0.1765

0

50% TOA

0.8659

1.5442

0.2879

0.9702

1.013

0.0372

b. [Cl-] feed=7.5N; Initial solution: [H+]=2.052 mol/l, [Cl-]=7.531 mol/l, [Cu2+]=0.3354 mol/l.
Organic phase

RAFFINATE
-

EXTRACT

TOA/octanol

[H ],
mol/l

[Cl ],
mol/l

[Cu ],
mol/l

[H+],
mol/l

[Cl-],
mol/l

[Cu2+],
mol/l

10% TOA

1.281

6.820

0.2942

0.8225

1.087

0.0584

50% TOA

0.8326

6.127

0.0711

1.220

1.703

0.2592
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Table 5 (a and b). Extraction of CuCl2 and HCl by organic phase content of TOA and dodecan:
a. [Cl-] feed=2.5 N; Initial solution: [H+]=2.205 mol/l, [Cl-]=2.885 mol/l, [Cu2+]=0.3430 mol/l.
Organic phase

RAFFINATE

EXTRACT

TOA/dodecan

[H+],
mol/l

[Cl-],
mol/l

[Cu2+],
mol/l

[H+],
mol/l

[Cl-],
mol/l

[Cu2+],
mol/l

10% TOA

2.017

2.554

0.2677

0.1876

0.3306

0.07531

50% TOA

1.235

1.388

0.09824

1.007

1.528

0.2436

b. [Cl-] feed=7.5N; Initial solution: [H+]=2.052 mol/l, [Cl-]=7.531 mol/l, [Cu2+]=0.3354 mol/l.
Organic phase

RAFFINATE
+

-

EXTRACT
2+

TOA/dodecan

[H ],
mol/l

[Cl ],
mol/l

[Cu ],
mol/l

[H+],
mol/l

[Cl-],
mol/l

[Cu2+],
mol/l

10% TOA

1.787

7.085

0.2346

0.2650

0.4461

0.1008

50% TOA

0.9840

6.103

0.5962

1.142

1.886

0.3267

0.4

2

[Cu(II)], (mol/l)

0.3

0.2

1
0.1

0.0
0

10

20

30

40

50

60

70

80

90

100

TOA, v/v%
Figure 1. Effect of TOA concentration in the organic phase on the copper extraction at different
chloride contents in the feed: curve 1: [Cl-]=2.510 mol/l; curve 2: [Cl-]=7.531 mol/l.
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Therefore the best extractant for copper in these conditions is TOA which extracting ability improves
at presence of high chloride content in the initial solution resulting in formation of an anionic complex
of copper, in the form of which TOA extracts copper.
5.3. Extraction of iron
The studies on the removal of iron from hydrochloric acid solutions of high chloride contents were
carried out using different extractants, as well as their mixtures at different ratios. The composition of
the model aqueous solutions was: [H+]=3.486±0.3 mol/l, [Cl-]=4.705±0.5 mol/l, [Fe2+]=22.66±7 g/l,
[Fe3+]=35.73±10 g/l, [Fetot]=59.51±6 g/l.
The experiments were carried out using various solvents, involving different extraction mechanisms:
cation-exchange – D2EHPA, anion-exchange – Aliquat 336, solvating – TBP and TOPO, bifunctional
– Kelex 100. Mixtures of the two extractants of cation-exchange – D2EHPA and solvating – TBP, at
different ratios of these components, were also used. The extraction properties of the extractants and
the effect of the used modifiers 1-octanol and 1-decanol, and diluent – kerosene on the extraction of
iron were also investigated. The obtained experimental results are shown in Table 6.
The most proper extractant for iron at these conditions is 100% TBP.
The iron removal from chloride solutions by solvent extraction with TBP is easier than with DEHPA.
Although ferric iron is strongly extracted by DEHPA it needs at least 6M hydrochloric acid to strip it.
However the mixture of DEHPA and TBP makes stripping much easier.
The studied extraction ability of the mixed extractant TBP/D2EHPA at different ratios of the two
components, as well as in the presence of modifier and diluent, is presented in Table 7. The modifier
was 1-decanol, the diluent was kerosene, their contents in the organics were about 15 v/v % and up to
100 v/v %, respectively. A peculiar effect of the mixed extractant TBP/D2EHPA on the valency
change of Fe(II) and Fe(III) was observed. While in the presence of the modifier the mixed extractant
TBP/D2EHPA extracted iron, the pure mixture TBP/D2EHPA did not, but only reduced Fe(III) to
Fe(II).
Table 6. Extraction of iron from initial solution: [H+]=3.486±0.3 mol/l, [Cl-]=4.705±0.5 mol/l,
[Fe2+]=22.66±7 g/l, [Fe3+]=35.73±10 g/l, [Fetot]=59.51±6 g/l.
RAFFINATE

EXTRACT

ORGANIC
PHASE

[Fe], g/l
2+

3+

[Fe], g/l
2+

[Fe ]

[Fe ]

[Fe tot]

[Fe ]

[Fe 3+]

[Fe tot]

8.234

22.60

30.84

1.569

12.40

10.83

21.72

22.31

44.03

38.54

17.19

21.35

Anionexchange extractant
30% Aliquat 336
15% decanol,55% kerosene
Solvating extractant
100% TBP
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20% TOPO

22.97

25.73

48.70

0.0085

15.23

15.24

15.51

34.65

50.16

5.416

7.529

12.94

3.862

47.81

51.58

3.418

29.43

11.02

27.34

27.26

54.60

+10.05

-8.256

0

26.52

22.86

49.38

3.256

2.083

5.340

80% kerosene

20% TOPO
15% octanol, 65% kerosene
Bifunctional extractant
20% Kelex 100
15% octanol, 15% kerosene
Mixed extractant
50%TBP,
50%D2EHPA

56%TBP,
14%D2EHPA,
15%decanol, 15%kerosene

Table 7. Influence of the pure mixture TBP/D2EHPA on the valency change of Fe(II) and Fe(III).
EXTRACTANT

FEED SOLUTION

RAFINATE

TBP/D2EHPA

[Fe tot],

[Fе 2+],

[Fe 3+],

[Fe tot],

[Fе 2+],

[Fe 3+],

ratio in the
mixture

g/l

g/l

g/l

g/l

g/l

g/l

TBP/D2EHPA

52.81

17.29

35.52

52.81

24.46

29.74

52.81

17.29

35.52

52.81

27.34

27.34

52.81

17.29

35.52

52.81

38.70

15.70

1:1
TBP/D2EHPA
2:1
TBP/D2EHPA
3:1

5.4. Extraction of zinc
The studies on the removal of zinc from hydrochloric acid solutions containing high chloride
concentration were carried out using different extractants, as well as their mixtures. The influence of
adding of various diluents and inactive extractants on the extraction of zinc was also studied. The
composition of the model aqueous solutions was: [H+]=1.982±0.31 mol/l, [Cl-]=5.112±0.31 mol/l,
[Zn2+]=0.1782±0.0137 mol/l. Tributyl Phosphate (TBP) was used as an active extractant for all
conditions of the extraction. D2EHPA and Aliquat 336 were chosen as inactive extractants. 1-octanol
and 1-decanol were used as modifiers. Aliphatic kerosene was used as diluent. The mixtures of two
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extractants and bifunctional extractants were studied. Different binary mixtures were investigated –
TBP/D2EHPA and TBP/Aliquat 336. The bifunctional extractant was Kelex100. The obtained
experimental results are shown in Table 8.
Table 8. Extraction of zinc from initial solution: [H+]=1.982±0.5 mol/l, [Cl-]=5.112±0.31 mol/l,
[Zn2+]=0.1782±0.014 mol/l=11.6525 g/l.
ORGANIC

RAFFINATE

EXTRACT

[H+]

[Cl-]

[Zn2+]

[H+]

[Cl-]

[Zn2+]

mol/l

mol/l

g/l

mol/l

mol/l

g/l

100% TBP

1.336

4.316

0.01097

0.4177

0.7488

0.1816

100% D2EHPA

1.684

4.814

0.1964

0.

0.

0.

50% TBP

1.548

4.600

0.07495

0.2028

0.4361

0.1207

1.755

4.783

0.00066

0.6450

1.012

0.1490

2.028

4.885

0.00058

0.3629

0.7768

0.1639

2.378

4.058

0.08013

0.1718

0.7959

0.08537

100% 1-decanol

1.424

4.505

0.1681

0.2782

0.3911

0.02719

100% kerosene

1.659

4.780

0.1928

0.

0.

0.

PHASE

50% D2EHPA
50% TBP
50% Aliquat 336
50%Aliquat336
50% kerosene
20% Kelex 100
15% 1-octanol,
65% kerosene

Obviously 100% D2EHPA and 100% kerosene do not extract zinc. D2EHPA, which is a typical
cation-exchange extractant, and kerosene used as diluent, are inactive extractants at these conditions.
Noticeable extraction of hydrochloric acid was observed when using 1-decanol. The use of 1-decanol
as a modifier resulted in noticeable extraction of zinc and HCl. The comparison of the results from
extraction of zinc with 100% TBP, mixed extractants TBP/D2EHPA and TBP/Aliquat 336 and
bifunctional extractant Kelex100 show maximum remove with 100% TBP.
The influence of the other modifier – 1-oktanol on the extraction of zinc by means of bifunctional
extractant Kelex 100 have been also investigated and the results are shown in Table 9. Two different
compositions of the organic phase and two different feed aqueous solutions were used. The organic
phase contains the same % of Kelex 100, but various % of 1-octanol, the kerosene supplements the
volume to 100%. The initial solution contains the same acidy (1.797±0.079 M), and concentration of
chloride ions (5.212±0.03 M), but with sufficiently great difference in the zinc concentration, 22.03g/l
and 64.23g/l. At low concentration of zinc in the feed there is no difference in the extracted quantity of
zinc. At high concentration of zinc in the feed the influence of the modifier concentration on the
extracted quantity of zinc and hydrochloric acid is considerable.
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Table 9. Influence of 1-octanol on the extraction of zinc by Kelex 100 from initial solution:
I-: [H+]=1.718 mol/l, [Cl-]=5.246 mol/l, [Zn2+]=0.9822 mol/l;
II-:[H+]=1.877 mol/l, [Cl-]=5.177 mol/l, [Zn2+]=0.3369 mol/l.
EXTRACTION
FEED
SOLUTION

ORGANIC PHASE
20% Kelex,

20% Kelex,

3% 1-octanol, 77% kerosene

50% 1-octanol, 30% kerosene

AQUEOUS
PHASE

EXTRACT

AQUEOUS
PHASE

EXTRACT

[Zn2+], M

[Zn2+], M

[Zn2+], M

[Zn2+], M

[Zn2+], M

0.9822

0.7349

0.2473

0.6900

0.3129

0.3369

0.1386

0.1983

0.1377

0.2019

The extraction ability of Aliquat 336 was studied. In Table 10 it is shown that Aliquat 336 extractes by
physical extraction whole molecules of ZnCl2 and HCl, and with increasing of the extractant
concentration in the organic phase, the recovery of hydrochloric acid increases. This can be seen in
Table 11. Although in the considered conditions of acidity and high chloride content the zinc exists
predominantly in the form of anionic complexes, Aliquat 336 removes zinc as neutral species. An
equilibrium distribution of the ZnCl2 between aqueous and organic phase is acheived.
Table 10. Extraction of zinc by Aliquat 336 in kerosene from initial solution:
[H+]=2.289 mol/l, [Cl-]=5.418 mol/l, [Zn2+]=0.1645 mol/l.
EXTRACTANT

RAFFINATE

EXTRACT

[H+],

[Cl-],

[Zn2+],

[H+],

[Cl-],

[Zn2+],

mol/l

mol/l

mol/l

mol/l

mol/l

mol/l

10% Aliquat 336

2.252

5.091

0.0006

0.1278

0.5299

0.1639

30% Aliquat 336

2.201

4.977

0.0006

0.1988

0.6899

0.1639

50% Aliquat 336

2.028

4.885

0.0006

0.3629

0.7768

0.1639

80% Aliquat 336

1.759

4.805

0.0006

0.7766

1.285

0.1639

The influence of different modifiers, diluents and extractants on the zinc extraction from hydrochloric
acid solutions by means of the solvating TBP was investigated. 1-decanol was used as a modifier.
Aliphatic kerosene was used as a diluent. D2EHPA and Aliquat 336 were chosen as extractants, added
in the organic phase. This is presented in Fig. 2. The effect of the used modifier, diluent and inactive
extractant D2EHPA at these conditions on zinc extraction by TBP depends on their ability to recover
zinc from the aqueous solution through a physical extraction mechanism. Aliquat 336 improves
especially noticeably the extraction ability of TBP. Although Aliquat 336 is a typical anion-exchange
extractant and at the considered conditions of high acidy and chloride content it is not expected to
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Figure 2. Effect of TBP concentration in the organic phase on the zinc extraction
at different modifires, diluents and extractants.
Curve 1: with kerosene; curve 2: with D2EHPA; curve 3: with 1-decanol; curve 4: with Aliquat 336.
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Figure 3. Influence of the type and concentration of extractant on the zinc extraction.
Curve 1: TBP in kerosene; curve 2: Aliquat 336 in kerosene;
curve 3: TBP and Aliquat 336 in kerosene, ratio in the mixture TBP/Aliquat 336 = 1/1.
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extract the anionic chloride complexes of zinc, the obtained results show that the mixture TBP/Aliquat
336 recover zinc very well.
Fig. 3 shows the extraction ability of two extractants TBP and Aliquat 336, individually and in the
mixture TBP/Aliquat 336 in a ratio 1:1. The use of Aliquat 336 in the mixture TBP/Aliquat 336,
improves the extraction ability of Tributyl Phosphate towards zinc. Aliquat 336 has especially strong
extraction ability towards zinc and hydrochloric acid. Therefore the most suitable extractant for the
complete recovery of zinc from hydrochloric acid solutions of high chloride contents was Aliquat 336.
6. CONCLUSIONS
The extraction behavior of various solvents has been studied aiming at the possibility for effective
removal of copper, iron or zinc from individual hydrochloric acid solutions with high chloride
contents by means of solvent extraction.
It has been found that the hydrochloric acid can be removed by modifiers 1-octanol and 1-decanol.
At such conditions metals can be successfully recovered by:
1.) TOA is the best extractant for copper;
2.) TBP is the best extractant for iron;
3.) Aliquat 336 is the best extractant for zinc.
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OF THE GLOBAL MACROECONOMIC ADJUSTMENTS
Alin Constantin Stoenescu
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Abstract
The international financial crisis that has caused very serious problems some of the strongest
financial institutions in the world, indirectly reflects on Romania by restricting capital flows and
reducing the desire to invest for the foreign entrepreneurs. Romania, shaken by the credit crisis that
has revealed weak economic fundamentals and banking system who is dominated by foreign banks,
faced a considerably budgetary deficit and trade deficit.
Lack of liquidity and tighter credit conditions have caused a setback in the constructions market and
therefore, all entrepreneurs face a financial colapse.
The conformation of enterprises to market economy has determined the commitment of some attributes
and risks specific to this economy: personalization of demand, prices determined through the
mechanism of market, market fluidity, atomization of demand and supply, sale-oriented production.
Keywords: financial crisis, constructions, structural adjustments, liquidity, financial market depth.
Constructions-assembly work, creative living environment is an essential dimension of the existence,
marking the level of culture and civilization of a society. Diversity of constructions and assemblies, in
addition to technical aspects (types of construction, technologies and constantly evolving of the
materials) is manifested in managerial, legal, institutional, and financial plan. With the financial global
crisis set new forms of relationships between participants in constructions.
Constructions and real estate market has been the most dynamic in the romanian economy up to the
beginning of 2009, the construction market in 2008 registering an increase of approx. 7% compared to
2007, reaching a record 155,000 billion lei. It must relieve the fact that the overwhelming majority of
construction contractors and constructions materials producers, including importers and retailers, are
largely private sector, which demonstrates openness to new and performance in this field. It must be
mention by the integration trend in European market parameters and by alignment to world standards
in the field (Nistor, L.I., Nistor, R., 2003).
The decrease of the constructions activity since the second half of 2009, influenced by financial
factors: lack of funding by the state, the surge in materials prices, lower purchasing power of potential
beneficiaries worsened crisis, the market can not react under a huge discrepancy between supply and
demand on real estate market.
Large capital inflows have occurred not only in the emerging economies but in the developed
countries members of OECD. In Romania, foreign capital inflows have increased in 2004-2008.
The economic outlook extended by joining an economic union was another major cause of increased
capital inflows in many countries. It’s the case of the countries which joined the European Union or
NAFTA. Foreign investors have acted on the assumption that union membership is a way that limits
exchange rate fluctuations, reduce capital costs by reducing risk terms and to maintain equity prices at
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satisfactory levels. A breakdown of sources of capital inflows in the countries of Central and Eastern
Europe (CEE) is extended by Lane and Milesi-Ferretti (Milesi, Ferreti, Gian, Maria, and Assaf, Razin,
2000). The source of the foreign direct investments in CEE were the countries in the euro area at a rate
of 73-95 percent of the total. In 2004, in most CEE countries, over 50 percent of the total investment
portfolio on the stock exchange came from eurozone, which was the main source of foreign assets of
the banking systems of CEE for long-term investments and generator of debt.
The difference between financial level of the emerging economies and the volume of the capital
inflows has led to the appreciation of currencies, to the quickly growth of asset prices and to increase
of real estate prices in the period 2006-first half of 2009. Favorable price changes have attracted
more capital, which has made this trend to continue during the period. Positive trends in fiscal
indicators had improved and prices have reduced the cost of currency, thus stimulating lending. The
rapid rhythm of lending in the period above mentioned led to the
manifestation of the structural weaknesses of the banking sector currently exist, making it dependent
on foreign capital inflows.
Distinction between cvasiindividuale adjustments and international adjustments in the balance of
payments is useful for developing economic policies especially in the context of global crisis.
Cvasiindividuale adjustments occur when, due to its concrete conditions, a country is confronted in the
singular way with relatively large capital inflows for a specified period of time, a period followed by a
reduction of them. International adjustments are characterized by large and ongoing capital inflows in
many countries, followed by a relative decrease in their economic sectors, especially constructions.
Usually, the number of countries facing a large capital inflows on the constructions market is
relatively small. However, from time to time, place synchronization of massive capital inflows for a
relatively large number of countries. In recent years many countries, including Romania, faced with
the problem of reducing of capital inflows, on the constructions market and constructions assembly.
For this reason, we refer to the large capital inflows.
The inflows of foreign capital in Romania had increased since 2004. At the same time, from 8.4
percent of GDP in 2004, the current account deficit reached 13.5 percent of GDP in 2007 and 12.3
percent of GDP in 2008. External debt and long-term debt of the private sector increased from 12.9
percent of GDP in 2004 to 25.6 percent of GDP in 2008, is about two times.
The financial market depth refers to the size and complexity of the capital market, of the banking
system, as well as those insurance and private pensions.
The financial market depth of the Romanian economy in 2004 (measured as M3/PIB) was small, only
25.6 percent. Massive capital inflows have increased the value of this indicator, but it still stands at a
relatively low by the standards of developed economies (34.5 percent of GDP in 2008). Given the
relatively low of the financial markets depth, the effects of capital inflows have quickly occurred and
were significant (Figure no. 1).
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Figure no. 1
The banks in Romania had been totally unclearly and they profitated by this situation, the financial
market depth being important for attracting foreign capital and therefore should not be affected by
the state or the clients. The financial market depth is a defining factor and particularly attracts
foreign investors. Through its decisions the state should not affects the financial market depth.
The exchange rate appreciated both in real terms and in nominal terms. In nominal terms, from about
4.1 lei / euro in January 2004, the romanian national currency was appreciated at 3.1 lei / euro in July
2007 (approx. 24 percent). Massive capital inflows had put a serious problem for inflation targeting
objective.
As in other countries from the CEE, the foreign banks in Romania had received resources from the
parent banks in the euro area. In 2004 nearly 72 percent of liabilities came to in the euro area and 21
percent in Great Britain. Between 2004 and 2008, foreign liabilities of banks in Romania have
increased more than six times from 3.8 to € 24.5 billion. The increases were both on short maturities
and on the medium and long terms.
Together, the increase of the resources in foreign currency of the banks and exchange rate appreciation
of the romanian national currency has simulated risky behaviors on estate market regarding lending
activity in foreign currency. The credit has increased for several years with annual growth rates of 6080 percent in real terms. The share of foreign currency loans for households sector rose from 2.2
percent of GDP in December 2004 to 11.6 percent of GDP in 2008, is over five times. The share of
foreign currency loans granted to corporates sector has increased significantly (Figure no. 2).
The banks had become dependent on external financing and the imbalances between assets in foreign
currency and liabilities for companies and households have increased. In 2004, in the corporates
sector, the difference between deposits and loans in foreign currency was about -5 billion, and in
March 2009 this difference was 7 times higher (-34 billion). In the household sector, the differences
were 5 billion, respectively, -28 billion (Figure no. 3). These imbalances are one of the biggest
weaknesses of the Romanian economy and those are the main channels through which the eventual
surcease of the external funds to transfer in exchange rate depreciation.
May be linked between large capital inflows and crises of the external debt, exchange rates, inflation
and the banking system.
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Figure no. 2

Figure no. 3
Number of crises is higher around episodes of large capital inflows. The magnitude of the changes and
the financings is different compared with cvasisingulare episodes by the large capital inputs for a
specified period of time, a period followed by a reduction of them. This derives from the fact that, if
appear synchronous crisis to any mentioned components – external debt, exchange rate, inflation,
banking system – in that event is posible that those will be followed by synchronous recessions. The
calling at the same time to the external funds to support a large number of programs for exiting from
crisis due that this available resources for each country to be relatively small and more expensive
compared with the situation where only a small number of countries use a given amount of resources.
Synchronous recessions could mean higher individual recessions for the economies in witch the
constructions sector has an important share.
Thus, the difficulty of adopting a reforms package and of obtaining external financial assistance is
greater in the context of global crisis.
Romania took this into account when called financial assistance from the EU, IMF and other
international financial institutions to cover the estimated financing needs for 2010-2012.
The last ten years have seen major changes in mindset and approach to construction projects. One can
safely say that the period of transition for managers in construction is almost over. The proof is the
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many works created during this period, some of them extremely difficult to see them can delight the
eye.
Learning from failures, but especially the experience of developed countries have shown that
Romanian managers are on the right track in terms of better coordination, organization, planning,
communication, which are basic components of a performance management project.
The concept of project investments evaluation within a construction enterprise is generally associated
with activities performed by financial institutions, governmental departments and other institutions,
before granting a loan or making capital investments or providing non-reimbursable funds to an
agency following to execute a project.
Timely provision of sources for the financial cover of the investment is an outstanding need and an
important goal of financial management of the enterprise. Investments require a significant
mobilization of capital which raises the question of their purchase or provision in order to prevent the
emergence of investment started and unfinished in absence of resources.
Investors should not from the beginning have full amount to cover investment costs. On the contrary,
it is appropriate that the financial resources be built in line and in correlation with costs performance
process. This would be an efficient use of resources provided that there is a certainty for their
formation on time. Any delay in resources formation in relation to the occurrence of liabilities may
lead to the interruption of investment performance, to extension of putting into use, to actual losses
materialized in capital assets, in investments started and unfinished. Timely provision of resources for
investment is considering the existent owner’s capital or certain possibilities to extend it, as well as
any loans from banks or other financial institutions. 2
Although the evaluation of the project within a construction enterprise may be achieved by investors,
creditors or granters, the institution taking over the major risk is usually the institution which
implements the project. If the project is designed inadequately or unprofessionally, or if it is
incorrectly implemented and operated, the entity risks to encounter financial loss, wastes economic
resources and fails to provide with the service at intended parameters which determines issues of
economic, social and political nature3.
The evaluation of the project may seem a rigid and specific process, in which the feasibility and design
studies take place before the evaluation. Indeed, this is the normal process as something that is not
prepared in advance cannot be efficiently evaluated.
The financial assessment of a project is seldom limited to generating liquid assets flow with a
comprehensive review on the strategy regarding prices and tariffs. Setting the tariffs and duties is
based most of times on the necessity of covering the liquid assets necessary on short term, derivates
from relatively simple budgetary procedures. The budgetary reviews are based on an approach
regarding the current opportunities of public service and regarding the immediate impact on the new
investments budget on the date they enter in operation. On principle no objection can be formulated
against the use of general incomes of public services for financing the implementation and start-up of

2

"Managerial strategies and economic restructuring – tendencies and impact studies in the management of
Romanian firms”, Contract CNCSIS/2001; theme 16, cod 764; Project manager: prof.dr. Ion Plumb, Academy of
Economic Studies -Bucharest; "Synergetics of technical/economic systems”, CNCSIS 2000, no. 40612/24; Project
manager: Prof.dr. Ion Vasilescu
3

Nistor, L.I., Nistor, R., 2006, Economic growth – Investments – Economies, “Babeş-Bolyai” University, series
Oeconomica, CNCSIS B+, 1, pp. 11-15.
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the projects. This is so much the more necessary for those services which do not generate incomes
from tariffs (or which do not generate enough incomes). 4
We refer to those categories of services which the economists refer to as “public” or “collective”
goods (investments projects of public interest). Particularly, this type of projects determines the
occurrence of externalities and other conditions in which the users are not necessarily sole
beneficiaries. One important thing is to determine, as far as possible, if general revenues used in this
process are based on the principle of efficient use from financial and economic point of view of funds
and resources. Consumers and citizens almost always resist higher prices and tariffs. This resistance
can be lowered when there is a perception of better service based on greater productivity. These
improvements will keep costs lower and limit the increase of prices and tariffs.
The assessment of a public utility or public institution financial management is required due to a
requirement, or the perception of a need for substantial change in the level and manner of operation.
An example of such a request may occur when an expansion of opportunities of such an entity is
determined by a development project with external financing. Evaluation will be done on management
and financial performance. While an investment project may be a reason for the financial management
assessment, such assessment will not be directed only to the viability of the project but rather on the
viability of the entity that will operate the project.
The finances of the company (traders’ finances) are organized to meet its objectives in terms of
profitability. This means rigorous sizing of fund needs for the financial year and timely concern and
with the necessary amount of resources covering at the lowest cost. If sizing of resources is an
operation achieved relatively easily having particularly a technical nature, availability of financial
resources requires the decision of financing which may be made only by comparing the cost of these
resources with the proposed project profitability.
Governmental loans are based on agreements signed between the Government of that country which
will grant credits and the Government of the country that will receive credit. Romanian Government is
authorized to contract and guarantee, together with the National Bank of Romania (BNR), external
financial loans required for supplying with basic raw materials and for investment funding (within the
value limits established regularly)5.
Foreign investments had an upward trend, but, due to the instable regional, political and social climate
they were much lower than in other countries in Central and Eastern Europe.
The Romanian development strategy for joining the European Union takes into account that the
investment be made based on attracting foreign investment, substantial direct and portfolio investment,
and not by contracting new loans from international financial institutions, thus aiming at stopping the
growth of external debt. In this regard, sectorial development measures regard: implementation of
programs to develop small and medium enterprises, providing incentives to forgo new business,
particularly in agriculture, food industry, tourism, and marketing, IT, taking economic measures to aim
at long-term development of un-pollutant industries and reducing environmental pollution.
During the transition to a market economy the economic role of foreign investment increases. Foreign
capital is seen as an important element for economic reform in Eastern Europe. Its influence on
Eastern European economy is twofold. On one hand it’s about loans and credit flows through which
foreign capital can substantially complement national financial resources under short-term macrostabilization program (aimed at halting the deterioration of economic situation and recovery of
4

Pricop Mihai, coord. ,Bagu Constantin- „Modern approaches in management and economics of enterprise : vol. 3
Economics and management of different types of enterprises”, Editura Economica, Bucharest, 2003, ISBN: 9735908638

5 Nistor, R., 2005, Implementation of a system for quality provision, “Babeş-Bolyai” University, series Oeconomica,
CNCSIS B+, 1, pp. 57-63, ISSN 1220-0506.
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monetary and financial balances). On the other hand, foreign capital, in the form of direct investment,
plays a fundamental role in economic restructuring and reform implementation process, resulting in
upgrading production capacities but also domestic product growth. 6
When people become concerned about global events, income-generating investments in fixed assets
may be perceived as safer than those made in securities which are marked by volatile capital markets.
Also, investment in fixed assets may lead to portfolio diversification. Since the financial and real-time
investments move temporally in different directions effective diversification can be identified,
highlighted by the study prepared by Robichek, Cohn and Pringle and published in the Journal of
Business, saying that movements between different types of real investments and financial assets are
less positively correlated than the investments in monetary assets due to strong international financial
market volatility.
The need to attract funds intended for investments leads to different collaboration in the co-financing
system. Within this system, in which the integration and improvement of construction assembly
enterprises and their activities in a Romanian and international economy marked by convulsions and
major issues caused by the diminution liquidities shall determine the reduction of medium and long
term investments.
Not all methodologies considered, the final calculation is to estimate the object and the general
estimate.
Structure construction costs include costs for establishing different forms the same types of expenses:
-Direct costs: materials, labor, equipment and transport;
-Indirect costs;
-Profit.
Not all countries are mandating the use of standard currency. Estimate breakdown by category of
work, the estimate of the object and generally practiced in Romania estimate is sufficiently
comprehensive to be used in the study of the development costs.
Following the analysis of changes in construction costs, including methodologies and calculation
methods used so far in our country and other countries is recommended:
- Framework methodology of calculation, analysis and monitoring presented in the paper contribute to
expanding the framework of analysis and comparability of construction costs in different regions of
the country;
- Make a harmonized methodology practices in EU countries, which can lead to construction costs
comparable to those of the EU (including the elements of calculation and type of building).
Thus it creates the conditions for obtaining scientifically sound methodological following results:
-Cost optimization;
-Achieving a coherent framework for estimation, analysis and comparability of the construction costs,
harmonized with practices of other countries;
-Increasing the efficiency of investment in construction;
-Fair value estimates for public contracts.

6

Chopra Sunil, Meindl Peter- „Supply Chain Management: Strategy, Planning, Operation”, 3rd edition, Pearson Pretice Hall,
2007
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On the basis of existing legislation and methodologies used to date is further developed a methodology
framework to facilitate data collection and aggregation analysis on the costs, requiring the consultation
of a large number of projects so that the data used are representative at nationally.
To analyze and review the progress of construction work prices, specialists must take the following
steps mentioned bellow.
Providing a computer database in the following areas:
-Prices materials / construction products and equipment;
-Construction cost of labour;
-Operating rates for construction equipment (digging, lifting);
-Motor transport and railway tariffs.
These databases must be updated monthly, quarterly, annually, depending on the objectives of cost
analysis.
-Knowledge of the mathematic model.
-Compliance indicator works construction estimate norms.
- Use standardized resource consumption to determine the estimated price per item.
-Decomposition of the categories of construction and installation works on the types of simple
construction.
Using weighting, this involves:
- Calculation of weights on the structure components "Total direct costs" of the estimate of bidding
(which reflects the effort entrepreneur);
- Calculation of weights on the structure components "grand total" of the estimate of bidding (which
reflects the costs they bear the client);
-Calculating the price indices by type of expenditure.
- Calculating the price indices of work and categories of works;
- Calculating the price indices for the entire building.
Following the dynamics of construction activity, locally first, and then every country in the world,
were created bodies have promoted the accumulation of information in areas involved in the
construction industry, their popularization and improvement professionals to attain a degree as high
performance.
Regarding cost engineering the most important body, recognized worldwide, is THE
INTERNATIONAL COST OF ENGINEERING - ICE cat (International Cost Engineering Council),
non-profit and apolitical organization, founded in 1976.
Following the alignment with the requirements of EU regulations on construction cost tracking, it is
necessary to introduce cost engineering specialist function, realizing such an effective analysis and
tracking of the development costs, with immediate implications on market construction.
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Abstract
L-lysine is an essential amino acid, which means that it is essential to human health but cannot be
manufactured by the body. For this reason, L-lysine must be obtained from food. Amino acids are the
building blocks of protein. Lysine is important for proper growth and it plays an essential role in the
production of carnitine, a nutrient responsible for converting fatty acids into energy and helping to
lower cholesterol.
NMPC is developed for guarantee robustness to process disturbances for a fed-batch fermentation
process for the L-lysine. The method is carried out with an aim control of disturbance of the optimal
control variable (feeding rate). For local optimization of choice optimization hour, an algorithm is
applied in order to find an optimal profile of the control variable.
For local optimization consider the approximate solution of discrete optimization problems using
procedures that are capable of magnifying the effectiveness of any given heuristic algorithm through
sequential application a alternative rollout algorithms, which are related to notions of policy
iteration.
The developed control algorithm ensures maximal L-lysine at the end of the process and guarantees a
feedback on disturbance as well as robustness to process disturbances.
Key words: alternative rollout optimization, cholesterol reduction, control algorithm, l-lysine,
nonlinear model predictive control
1. INTRODUCTION
In humans, carnitine deficiencies result in the buildup of acid metabolites in tissues and increased
levels of triglycerides, a type of fat in the blood. Carnitine deficiencies also lead to poor energy
production in the heart and poor metabolism of fats. Dr. Eman Cameron has recently suggested that
carnitine deficiency may also account for the muscle wasting, weakness, and poor sense of well-being
in a cancer patient. Supplementation with lysine and vitamin C may help correct a low carnitine level.
The role of carnitine in fat metabolism is to help transport free fatty acids into the mitochondria of
cells where the fats can be used as a source of energy. Carnitine has also been found to be important in
the synthesis and function of sperm in the testes. In male animals, carnitine deficiency can result in
infertility (Hulse at. Al., 1978, http://www.diagnose-me.com/treat/T110125.html).
As an amino acid, it is found in a host of foods and is not normally deficient in the diet. Many foods
supply lysine, but the richest sources by far include red meats, fish, and dairy products (milk, eggs,
cheese). Vegetables, on the other hand, are generally a poor source of lysine, with the exception of
legumes (beans, peas, lentils).

165

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
Of all the amino acids, lysine is the most sensitive to the effects of food processing, such as dry heat.
The amount of protein available in legumes and other sources of lysine can be significantly reduced if
they have been toasted or roasted.
While many people satisfy their need for lysine through dietary sources, supplements are now popular
for treating and preventing specific ailments as well. Supplements come in various forms: tablet,
powder, liquid, and capsule (http://www.diagnose-me.com/treat/T110125.html).
Like all amino acids, lysine functions as a building block for proteins. It is also a key player in the
production of various enzymes, hormones, and disease-fighting antibodies. It is necessary for proper
growth and helps form collagen which comprises bone cartilage and connective tissues.
Researchers are exploring the value of lysine supplementation and the consumption of lysine-rich
foods for lowering cholesterol, improving athletic performance, and enhancing recovery after surgery.
Lysine aids in the manufacture of Carnitine, which is essential in the breakdown of fats into energy. LLysine was recommended to us as a good alternative to drugs, L-Lysine breaks down fatty deposits and
seems to clean your blood of the bad fats which in our experience drastically reduces Cholesterol
(http://www.gustrength.com/health:the-role-of-carnitine-in-disease).
Because Lysine helps repair tissue, it is a good supplement for anyone recovering from surgery and
injuries (http://www.springboard4health.com/notebook/proteins_carnitine.html).
Lysine is helpful in lowering triglycerides and as an anti-aging factor. It is involved in the structural
repair of damaged blood vessels.
Recently it has been shown that L-Lysine can inhibit the growth of the herpes virus. Herpes virus
requires many proteins with the amino acid arginine, and lysine competes directly with arginine in
many of these processes. This competition is thought to slow down the growth of the herpes virus.
While high doses (500-1500 mg/day) are beneficial during the suppression of viral growth, lesser
amounts should be taken, if taking on an on going basis to prevent an amino acid imbalance problem
(http://www.diagnose-me.com/treat/T110125.html).
Model predictive control (MPC) is a general methodology for solving control problems in the time
domain. More than 25 years after MPC appeared, a theoretical basis for this technique has started to
emerge in the industry as an effective means to deal with multivariable constrained control problems.
The outcomes of the feasibility of the on-line optimization, stability and performance are largely
understood as systems described by linear model. In fact, that method for optimal control gives the
necessary optimal profile, but it does not give the robustness of the optimization systems. Therefore
the MPC, especially Nonlinear model predictive control (NMPC) can be used for ensuring maximal
quality concentration at the end of the process and it guarantees a feedback on disturbance and thus –
the robustness to process disturbances (Findeisen et al., 2003).
The rollout algorithm is a suboptimal control method for deterministic and stochastic problems that
can be solved by a dynamic programming. In this short note when an extension is derived from an
extension of the rollout algorithm it applies to constrained deterministic dynamic programming
problems and relies on a suboptimal policy called base heuristic. Under suitable assumptions it is not
shown if the base heuristic produces a feasible solution. In this paper we applied alternative rollout
algorithm that will also produce a feasible solution, whose cost is not less than the cost corresponding
to the base heuristic (Wu et al., 2003).
In this paper we apply the ideas of Alternative rolluot opzimization to NMPC to L-lysine production
for Cholesterol Reduction in Human Body with aim ensuring maximal productivity and guaranteeing
robustness to disturbances.
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2. MATERIALS AND METHODS
The conversion of lysine to carnitine in all cells of the body is dependent upon adequate vitamin C
levels. It has been estimated that about 0.1 percent of the dietary lysine is converted to carnitine in the
body. Carnitine is not found in a vegetable-based diet; it is only found in animal products. Therefore,
vegetarians who may consume a lysine-deprived diet may have insufficient amounts of carnitine.
Animals fed a wheat gluten diet low in lysine and carnitine have significantly lower levels of carnitine
in their hearts and skeletal muscles. The pathway in mammals is unique using protein-bound lysine
that is enzymatically methylated to form trimethyllysine as a post-translational modification of protein
synthesis. Trimethyllysine undergoes four enzymatic reactions in the course of endogenous L-carnitine
biosynthesis (Fig. 1) (http://www.gustrength.com/health:the-role-of-carnitine-in-disease).

Fig. 1. Carnitine biosynthesis and metabolism
Defined media acquiring pure growth requiring nutrients and essential additives or alternatively
undefined media containing natural organic substances such as soybeanhydrolyzate, corn steep liquor,
yeast extract or peptone are used for L-lysine fermentation. Common fermentation media for L-lysine
production contain various carbon and nitrogen sources, inorganic ions and trace elements (Fe++,
Mn++), amino acids, vitamins (biotin, thiamine-HCl, Nicothin amide) and numerous complex organic
compounds. An over expression of genes is also achieved by optimizing the composition of the media
and the culture technique in addition to physiological and genetic parameters (Anastassiadis, 2007).
The mathematical model of the process is based of the mass balance equations, as perfect mixing in
the bioreactor is accepted and the process model has the type (Anastassiadis, 2007):

dX
F
 X  X
dt
V
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dS F
 ( S in  S )  k 5  X  k 6 X  k 7  X
dt V

(2)

dTr F
F
 (Trin  Tr )  k 13  X  Tr
dt V
V

(3)

dC L
F
 k l a(C *  C L )  k14  X  k 15 X  k16  X  C L
dt
V

(4)

dL
 X
dt

(5)

dV
F
dt

(6)

The specific rate of L-lysine synthesis and specific consumption rate have the following form:



k1 Tr C L
k8 S C L
,
k 2  Tr k 3  S 0  S k 4  C L 
k9  S k10  S k11  C L k12  C L 

(7)

where:  – specific rate of L-lysine synthesis, h-1;  – specific consumption rate of L-lysine, h-1; X –
biomass concentration, g l-1; L – L-lysine concentration, g l-1; S – glucose concentration, g l-1; V –
working liquid volume, l; F – feed flow rate, l h-1; Tr – Threonine concentration, mg l-1; t – process
time, h; CL – dissolved oxygen concentration, g l-1; C* – equilibrium dissolved oxygen concentration,
g l-1; Sin – input feed substrate concentration, g l-1; Trin – input feed Threonine concentration, g l-1; kla –
volumetric liquid mass transfer coefficient, h -1.
The initial conditions in the model (1) – (8) have the follows values:
X(0) = X0 = 3.00 g l-1, S(0) = S0 = Si = 100.00 g l-1, Tr(0) = Tr0 = Trin = 100.00 mg l-1,
L(0) = 0.00 g l-1, CL(0) = C* = C0 = 6.1x10-3 g l-1, V(0) = V0 = 10.00 l
The model coefficients in (1) have the following values (Anastassiadis, 2007):
k1 = 20.8

k2 = 42.0 k3 = 28.0 k4 = 1.1

k5 = 1.01

k6 = 0.07 k7 = 0.51

k8 = 62.0 k9 = 28.0

k10 = 37.0 k11 = 4.0 k12 = 0.12 k13 = 6.10 k14 = 448.0, k15 = 22.0 k16 = 209.0 kla = 120
3. ALTERNATIVE ROLLOUT OPTIMIZATION METHOD
In revolution papers we discuss the approximate solution of broad classes of combinatorial
optimization problems by embedding them within a Dynamic programming framework (DP for short).
The key idea is to employ a given heuristic in the construction of an optimal cost-to-go function
approximation, which is then used in the spirit of the Neuro-Dynamic Programlming/Reinforcement
Learning methodology (NDP for short) (Bertsekas at al., 1999) for broad discussions of this
methodology). In the next section, we will introduce a general graph search problem that will serve as
the context of our methodology. To illustrate the ideas involved, however, let us consider the
following type of problem. which includes as special cases problems such as shortest path:
assignment, scheduling, matching, etc.
When deterministic optimal control problem is considered the following system is included
(Bertsekas at al., 1999):
xk 1  f k ( xk , uk ), k  0, ..., N  1
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where: xk and uk are the state and control at time k, respectively taking values in some sets which may
depend on k and fk is a function. The initial state is given and it is denoted by x0. Each control uk must
be chosen from a finite constraint set Uk (xk) that depends on the current state xk . A sequence of the
form:
T  ( x0 , u0 , x1 , u1 , ..., uN 1 , x N )

where xk 1  f k ( xk , uk ), uk  U k ( xk ), k  0, ..., N  1
is referred to as a trajectory. A trajectory is complete in the sense that it starts at the given initial state
x0, and ends at a state xN after N stages. Partial trajectories are also referred to which are subsets of
complete trajectories, involving fewer than N stages and consisting of stage-contiguous states and
controls.
The cost of the trajectory:
T  ( x0 , u0 , x1 , u1 , ..., uN 1 , x N )
N 1

is: V (t )  g N ( x N )   g k ( xk , uk )

(8)

k 0

where gk, k = 0, 1, ..., N are given functions. The problem is to find a trajectory T that minimizes V(T)
subject to the constraint:
(9)

T C

where C is a given set of trajectories.
An optimal solution of this problem can be found by an extension of the dynamic programming
algorithm, but the associated computation can be overwhelming. It is much greater than the
computation for the corresponding unconstrained problem where the constraint T  C is absent. This
is true even in the special case when C is specified in terms of a define number of constraint functions
that is time-additive, i.e., T  C if:
N 1

g Nm ( xN )   g Nm ( x N , uK )  b m , m  1, ..., M

(10)

k 0

m

where: gk, k = 0, 1, ..., N, and b , m = 1, ..., M are given functions and respectively scalars. The
literature contains several proposals for suboptimal solution of the problem for the case where the
constraints are in form (9). Most of these proposals are cast in the context of the constrained and
shortest multi objective path problems (Bertsekas at al., 1999).
In this chapter a suboptimal approach is proposed which may be viewed as an extension of the rollout
algorithm, a method that has been used with considerable success for general unconstrained DP
problems (including stochastic and minimax). Note that it is possible to reformulate the constrained
problem of this chapter into a format that is suitable for application of the rollout algorithm for the
discrete deterministic problems given in Bertsekas at al., 1999. In particular the state at stage k may
be redefined to be the partial trajectory:
yk  ( x0 , u0 , x1 , ..., uk 1 , xk ) ,

which evolves according to:
yk 1  yk , uk , f k ( xk , uk ) .

The problem then is how to find a control sequence that minimizes a suitable terminal cost function
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F(yN) subject to the constraint y N  C . This is a format where the rollout approach in Wu et al.,
2003 is applied and yields algorithms and results that are quite similar to the ones obtained in this
chapter. However, this line of development which is conceptually valuable is complicated and
unintuitive. It also does not lead to the discussion and development of variants of the main algorithm,
therefore in this chapter a more direct extension is chosen for the rollout approach that is specially
adapted to constrained problems.
The rollout algorithm has some additional special properties when it is applied to discrete
unconstrained deterministic problems. The rollout algorithm makes use of a suboptimal algorithm
called base heuristic. If the base heuristic is a DP policy, i.e. it generates state/control sequences via
feedback functions µk , k = 0, 1, ..., N – 1 so that at any state xk , it applies to the control µk (xk), then the
rollout algorithm can be viewed as a policy improvement step of the policy iteration method. Based on
generic results for policy iteration this shows that the rollout algorithm’s cost is no worse than the one
of the base heuristic. This cost improvement property is extended in Wu et al., 2003 to give base
heuristics that are not DP policies, but rather satisfy an assumption called sequential improvement
which will be discussed shortly within the constrained context of this chapter.
The extension of the rollout algorithm to discrete deterministic problems with the constraints (10) also
uses a base heuristic which has the property to produce a partial trajectory at a given state xk and at
stage k:
H ( xk )  ( xk , uk , x k1 , uk 1 , ..., uN 1 , xN )

that starts at xk and satisfies:
xi1  f i ( xi , ui ), ui  U i ( xi ), i  k , ..., N  1

~
The cost corresponding to the partial trajectory H(xk ) is denoted by J ( x k ) :
N 1
~
J ( xk )  g N ( xN )   gi ( xi , ui )
i k

Thus at a given partial trajectory that starts at the initial state x0 and ends at a state xk , the base heuristic
can be used to complete this trajectory by concatenating it with the partial trajectory H(xk). The
trajectory thus obtained is not guaranteed to be feasible (i.e. it may not belong to C), but it is assumed
when the state/control trajectory generated by the base heuristic starting from the given initial state x0
is feasible, i.e.:
H ( x0 )  C

The rollout algorithm is not much more complicated or computationally demanding than the one for
the unconstrained DP problems (as long as checking feasibility of a trajectory T, i.e., T  C is not
computationally demanding). rollout algorithm produces a feasible solution whose cost is no worse
than the cost corresponding to the base heuristic. It does not appear possible to relate this rollout
algorithm to concepts of policy iteration and in fact it is not awarded of an analogy of the policy
iteration method for constrained DP problem seven when the constraint set C is specified by unequal
constraints with constraint functions that are additive over time. This rollout algorithm also makes
essential use of the deterministic character of the problem and does not admit a straightforward
extension to stochastic or minimize the problems.
~
The function J will be called a scoring function or approximate cost-to-go function, and may contain
some adjustable parameter vector that can be tuned using special training methods. In this paper,
however, we restrict attention to scoring functions that are based on heuristic algorithms. In particular,
we will assume that have a heuristic algorithm, which starting from an n-solution (u1, ..., un), can
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produce a complete N-solution (u1, ..., uN) whose cost is denoted by H(u1, ..., un). One possibility,
studied in this paper, is to approximate the optimal cost-to-go function with the scoring function:
~
J (u1, , un )  H (u1,  , un )
A more general possibility is to use multiple heuristic algorithms, which are weighted with some
scalar weights to provide the approximation J(u1, ..., un). In this paper, we assume that the weights are
fixed (although they could be adjusted through a separate trial-and-error process). In a more general
NDP approach, the weights could be tunable parameters and could depend on some features of the
given problem.
The rollout algorithm proposed in this chapter starts at stage 0 and sequentially proceeds to the last
stage. At stage k it maintains a partial trajectory:
Tk  ( x0 , u0 , x1 , ..., uk 1 , xk )

that starts at the given initial state x0, and it is such that
xi1  f i ( xi , ui ) , ui  U i ( xi ), i  0, 1, ..., k  1

where x0  x0 .
The algorithm starts with the partial trajectory T0 that only consists of the initial state x0.
For each k = 0, 1, ..., N – 1 and given the current partial trajectory Tk , it forms a (complete) trajectory
c
Tk (uk) for each control uk Uk(xk ), by concatenating:
1. The current partial trajectory Tk ;
2. The control uk and the next state xk 1  f k (xk ,uk ) ;
3. The partial trajectory H(xk+1) generated by the base heuristic starting from xk+1.
c

c

Then it forms the subset U k ( xk ) of controls uk for which Tk (uk) is feasible, i.e. Tk (uk)  C.
The algorithm then selects from U k ( xk ) a control uk that minimizes over uk U k ( xk ) :

~
g ( xk , uk )  J  f k ( xk , uk )
It then forms the partial trajectory Tk+1 by adding ( u k , xk 1 ) to Tk, where: xk 1  f k ( xk , uk ) .
Let us use the union symbol  for a more compact definition of the rollout algorithm to denote the
concatenation of two or more partial trajectories. Having in mind this notation, we have the following:

TkC (uk )  Tk  (uk )  Rf k ( xk , uk )



U k ( xk )  uk uk U k ( xk , Tkc (uk )  C

(11)



(12)

The rollout algorithm is selected at stage k
~
uk  arg min g k ( x k , u k )  J ( fk ( xk , uk ))





uk U k ( xk )

and it extends the current partial trajectory by setting
Т к 1  Т к  (uk , xk 1 )

where:
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(14)

xk 1  f k ( xk , uk 1 )

It is worth noting that there is similarity between this rollout algorithm and the unconstrained version
given in (Bertsekas at al., 1999): the constraint set C enters only in (14) and if U k ( xk ) is replaced by
U k ( xk ) in (14) one obtains the rollout algorithm for unconstrained DP problems.
c

That it is possible when there is no control uk  U k (xk ) that satisfies the constraint Tk (uk )  C (i.e. the
set U k ( xk ) is empty) and in this case the algorithm breaks down.
In this paper we consider the approximate solution of discrete optimization problems using procedures
that are capable of magnifying the effectiveness of any given heuristic algorithm through sequential
application. In particular, we embed the problem within a dynamic programming framework, and we
introduce several types of rollout algorithms, which are related to notions of policy iteration.
Alternative rollout algorithms: We now consider some generalizations of the results and algorithms
discussed up.
Let us introduce the following definition:
Definition 1. Suppose that up algorithm Ψ generates, starting at each node, a path (i, i1 , , im , i )
with the property:
(15)

H (i )  H (i1 )

Then the algorithm Ψ is said to be sequentially improving.
It can be seen that a sequentially consistent Ψ is also sequentially improving, we see that this proof
carries through verbatim. We thus have the following generalization of Proposition 1:
Proposition 1. Let the algorithm Ψ be sequentially improving; and suppose that RΨ is terminating.
Then; if (i1 ,, im ) is the path generated by R Ψ starting from a nondestination node i1 and ending at
a destination node im; we have:





H (im )  min H (i1 ), min H ( j ), ..., min H ( j )
jN ( i1 )

jN ( im1 )

(16)

Example: Consider the one-dimensional walk problem of, and let Ψ be defined as the algorithm that,
starting at a node (k, m), compares the cost g(m+N - k) (corresponding to taking all of the remaining
N - k steps to the right) and the cost g(m - N + k) (corresponding to taking all of the remaining N k
steps to the left), and accordingly moves to node:
(N, m - N - k) if (m + N - k) ≤ g (m + N - k), or to node: (N, m - N - k) if (m + N - k) < g (m + N - k)
It can be seen that Ψ is not sequentially consistent, but is instead sequentially improving. It is a fact
that starting from the origin (0, 0), RΨ obtains the global minimum of g in the interval [N, N], while H
obtains the better of the two points N and N.
We can always modify the problem and the algorithm Ψ so that Proposition 1 applies. In particular,
let us consider the extended version of the problem, whereby the graph (Ψ, Ψ) is enlarged by adding
for each non-destination node i an arc(i, d(i)), where d(i) is the destination at which the path generated
by Ψ terminates, starting from i. (This arc is not added if it already exists.) Then Ψ is modified so that
starting from each non-destination node i for which:

min H ( j )  H (i1 )  g (d (i))

jN ( i1 )
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it generates instead the path (i; d(i)). It is seen that the modified version of Ψ so obtained, referred to
as the extended Ψ and denoted by ΨE, is sequentially improving. Thus, Proposition 1 applies to the
rollout algorithm based on the extended Ψ, which is referred to as the alternative rollout algorithm
and is denoted by RΨE. This algorithm proceeds exactly like RΨ up to the first node i for which (16)
holds, and then terminates with the destination node d(i).
We note that one may use multiple path construction algorithms in the preceding framework. In
particular, let us assume that we have K algorithms Ψ1, ..., ΨK. The kth of these algorithms, given a
node i  Ψ, produces a path (i, i1 , , im , i ) that ends at a destination node i , and the corresponding
cost is denoted by Hk(i) = g( i ). Generalizing our earlier approach, we can use the K algorithms in an
approximation architecture of the form:
K
~
~
J (i)  min H k (i) , or of the form: J (i, r1 , ..., rK )   rK H k (i)

k 1,..., K

k 1

where rk are some fixed scalar weights obtained by trial and error. The rollout algorithms easily
~
generalize for the case, by replacing H(i) with J (i), and by defining the path generated starting from a
node i as the path generated by the path construction algorithm which attains the minimum. In the
case, the alternative rollout algorithm RΨ also generalizes easily by replacing H(i) with
~
J (i, r1 , ..., rK ) , but in order to generalize the algorithms RΨ and RΨe, the path generated from a node i
must also be defined. There are several possibilities along this line. A different type of possibility for
the case, is to use tunable weights, which are obtained by training using NDP methodology.
Finally, let us consider a problem where in addition to the terminal cost g(i), there is a cost c(i, j) for a
path to traverse an (i1, i2, ..., in). Within this context, the cost of a path (i, i1 , , im , i ) that starts at i1
and ends at a destination node in is redefined to be:
n1

g (in )   c (iK , iK 1 )
k 1

One way to transform this problem into one involving a terminal cost only is to redefine the graph of
the problem so that nodes correspond to sequences of nodes in the original problem graph. Thus if we
have arrived at node ik using path (i1, ..., ik), the choice of ik+1 as the next node is viewed as a transition
from state (i1, ..., ik ) to state (i, i1 , , im , i ) .
Both states (i1, ..., ik ) and (i, i1 , , im , i ) are viewed as nodes of a redefined graph.
Furthermore, in this redefined graph, a destination node has the form (i1, i2, ..., in), where in is a
destination node of the original graph.
After the details are worked out, we see that to recover our earlier algorithms and analysis, we need to
modify the cost of the heuristic algorithm Ψ as follows: If the path (i1, i2, ..., in) is generated by Ψ
starting at i1, then:
n 1

H (i1 )  g (in )   c(iK , iK 1 )
k 1

Furthermore, the rollout algorithm RΨ at node im selects as next node im+1 the node:

im 1  arg min c (im , j )  H ( j)
jN ( im )

The definition of a sequentially consistent algorithm remains unchanged.
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Furthermore, Proposition 1 after modification we can read:

H (ik )  c(ik , ik 1 )  H (ik 1 )  min c (ik , j)  H ( j ), k  1,  , m  1
jN ( ik )

A sequentially improving algorithm should now be characterized by the property:
H (ik )  c(ik , ik 1 )  H (ik 1 )

if ik+1 is the next node on the path generated by Ψ starting from ik . Furthermore, Proposition 1 remains
unchanged and is modified to read:

H (ik )  min c(ik , j )  H ( j), k  1,  , m  1
jN ( ik )

Finally, the criterion min H ( j )  g (ik' ) used in the fortified rollout algorithm, given the sequence
jN ( i k )

(s, i1, ..., im), where imΨ, and the path P(im )  (im , im' , ik' ) should be replaced by:
min c (im , j )  H ( j )  g (t k' )  c(im , im' 1 ) 

jN ( i m )

k 1
'
l

'
l 1

 c(i , i

)

l m 1

Similar to the construction used in the preceding section, we can transform the graph search problem
into a DP problem. In particular, the nodes correspond to the states of the DP problem, the controls
available at a given state/node and the corresponding successor states/nodes are the outgoing arcs from
the node and the associated end nodes of the arcs, respectively. The destination nodes i are terminal
states of the DP problem, where the terminal cost g(i) is incurred.
Optimized rollout algorithm. If Ψ is not sequentially improving, it is possible in general that Ψ
generates a worse solution than the solutions generated by Ψ from the same starting node. However, it
is always possible to correct this deficiency by a minor modiﬁcation Ψ. In particular, in the process
of running Ψ, one generates several solutions, and upon termination of Ψ, one can choose out of all
these solutions, one that has minimal cost. This version of the rollout algorithm, is referred to as the
optimized rollout algorithm and is denoted by *Ψ. Note that if Ψ is terminating, then *Ψ is
guaranteed to generate a no worse solution than all of the algorithms Ψ, Ψ and Ψe.
Note that while the algorithm RΨ will generally yield a suboptimal solution, the path that it constructs
may involve a fairly sophisticated suboptimization. For example, Ψ may construct several paths
ending at destination nodes according to some heuristics, and then select the path that yields minimal
cost.
One possibility for suboptimal solution of the problem is to start at the origin s and use the algorithm
Ψ to obtain a solution of cost H(s). We instead propose to use Ψ to construct a path to a destination
node sequentially. At the typical step of the sequence, we consider all downstream neighbors j of a
node i, we run Ψ starting from each of these neighbors, and we then move to the neighbor from which
Ψ gives the best result. The idea of starting with some algorithm, and using it to construct another,
hopefully improved, algorithm is implicit in the policy iteration method of DP Ψ the use of a rollout
policy, which is a form of policy iteration.
We now consider some generalizations of the results and algorithms discussed so far.
Let us introduce the following definition:
Deﬁnition 2: Suppose that algorithm H generates, starting at each node i   , a path (i, i1 ,  , im , i )
with the property:
(17)

H (i )  H (i1 )
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Then the algorithm Ψ is said to be sequentially improving.
It can be seen that a sequentially consistent H also sequentially improving, with the above mentioned
equation. If it will use, it can be seen have the following generalization:
Proposition 2: Let the algorithm Ψ be sequentially improving, and suppose that Ψ is terminating.
Then, if (i , i1 ,  , i m ) is the path generated by Ψ starting from a nondestination node i1 and ending
at a destination node im, than:





H (im )  min H (i1 , min H ( j), , min H ( j ))
jN ( i1 )

jN ( im  1 )

(18)

Example: Consider the onedimensional walk problem, and let H be defined as the algorithm that,
starting at a node (k, m), compares the cost g(m +N-k) (corresponding to taking all of the remaining Nk steps to the right) and the cost g(m-N+k) (corresponding to taking all of the remaining N-k steps to
the left), and accordingly moves to node:

N, m  N  k 
N, m  N  k 

if

g m  N  k   g m  N  k  , or to node:

if

g m  N  k   g m  N  k 

It can be seen that H is not sequentially consistent, but is instead sequentially improving.It ca be
follow that starting from the origin (0, 0), Ψ obtains the global minimum of g in the interval [-N, N],
while H obtains the better of the two points - N and N.
We can modify the problem and the algorithm H. In particular, let us consider the extended version of
the problem , whereby the graph (N, A) is enlarged by adding for each nondestination node i an
arc(i, d(i)), where d(i) is the destination at which the path generated by Ψ terminates, starting from i.
(This arc is not added if it already exists.). Then Ψ is modified so that starting from each
nondestination node i for which:

min N ( j )  H (i )  g (d (i))
j N ( i )

it generates instead the path (i, d(i)). It is seen that the modified version of Ψ so obtained, referred to as
the extended Ψ and denoted by Ψe, is sequentially improving. Thus, the rollout algorithm based on the
extended Ψ, which is referred to as the extended rollout algorithm and is denoted by Ψe. This
algorithm proceeds exactly like Ψe up to the ﬁrst node i holds, and then terminates with the
destination node d(i).
If Ψ is not sequentially improving, it is possible in general that Ψ generates a worse solution than the
solutions generated by H from the same starting node. However, it is always possible to correct this
deficiency by a minor modification Ψ. In particular, in the process of running Ψ, one generates
several solutions, and upon termination of Ψ, one can choose out of all these solutions, one that has
minimal cost. This version of the rollout algorithm, is referred to as the optimized rollout algorithm
and is denoted by *Ψ. Note that if Ψ is terminating, then *Ψ is guaranteed to generate a no worse
solution than all of the algorithms Ψ, Ψ and Ψe.
Let us introduce an alternative sequential version of Ψ. This version is referred to as the fortified
rollout algorithm and is denoted by Ψ. As the notation suggests, Ψ turns out to be the rollout
algorithm based on a path construction algorithm H , which is derived from H and will be defined
shortly. The fortified rollout algorithm starts at s, and maintains, in addition to the current sequence of
nodes ( s , i , i1 ,  , i m ) , a path:

P(im )  (im , im' 1 , , ik' )
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ending at a destination ik' . Initially, P(s) is the path generated by Ψ starting from s. At the typical step
of  , we have a node sequence ( s , i , i1 ,  , i m ) , where, and the path P(im )  (im , im' 1 , , ik' ) . Then,
if:
min H ( j )  g (i k' )

(20)

j N ( i m )

 adds to the node sequence ( s , i, i1 ,  , im ) the node:
im 1  arg min H ( j)
j N ( i )

and sets P(im+1) to the path generated by Ψ, starting from im+1. On the other hand, if:
min H ( j )  g (i k' )

(21)

j N ( i m )

 adds to the node sequence P(im )  (im , im' 1 , , ik' ) the node:
im 1  im' 1
and sets P(im+1) to the path (im , im' 1 , , ik' ) . If im+1 is a destination, 
 starts the next step with m+ 1 replacing m.

terminates, and otherwise 

The main idea behind the construction of  is to follow the path P(im) unless a path of lower cost
is discovered through the following equation. It can be seen that  may be viewed as the rollout
algorithm Ψ corresponding to a modified version of Ψ, called fortified Ψ, and denoted  . This
algorithm is applied to a slightly modified version of the original problem, which involves an
additional downstream neighbor for each node im that is generated in the course of the algorithm 
аnd for which the following condition holds. For every such node im , the additional neighbor is a copy
of im' 1 , and the path generated by  starting from this copy is ( im' 1 ,  , ik' ) . From every other node,
the path generated by Ψ is the same as the path generated by  . It can be seen that  is
sequentially improving, so that  is terminating and has the automatic cost sorting property of
Propositions 1 and 2; that is:





H (im )  min H (i1 , min H ( j), , min H ( j ))
jN ( i1 )

jN ( im  1 )

The above property can also be easily verified directly, using the deﬁnition of . It can also be seen
that the fortified rollout algorithm  will always perform at least as well as Ψе. The potential
improvement in performance is obtained at the expense of the modest additional overhead involved in
maintaining the path P(im). Note that when Ψ is sequentially consistent, all three rollout algorithms
Ψ, Ψе, and  coincide.
We note that one may use multiple path construction algorithms in the preceding framework. In
particular, let us assume that we have K algorithms Ψ1, ..., ΨК. The kth of these algorithms, given a
node i  N , produces a path (i, i1 , , im , i ) that ends at a destination node i , and the corresponding
cost is denoted by H K  g (i ) . Generalizing our earlier approach, we can use the K algorithms in an
approximation architecture of the form:
~
J (i)  min H k (i)
(22)
k 1,..., K

or of the form:

176

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
K
~
J (i , r1 , ..., rK )   rK H k (i )

(23)

k 1

where rk are some fixed scalar weights obtained by trial and error. The rollout algorithms Ψ, Ψе,
~
and  easily generalize for the case of Eq. (22), by replacing H(i) with J (i) , and by deﬁning the
path generated starting from a node ias the path generated by the path construction algorithm which
attains the minimum in Eq. (22). In the case of Eq. (23), the rollout algorithm Ψ also generalizes
~
easily by replacing H(i) with J (i, r1 , , rK ) , but in order to generalize the algorithms Ψ, and Ψе,
the path generated from a node i must also be defined. There are several possibilities along this line. A
different type of possibility for the case of Eq. (23), is to use tunable weights, which are obtained by
training using NDP methodology.
Finally, let us consider a problem where in addition to the terminal cost g(i), there is a cost c(i, j) for a
path to traverse an arc(i, j). Within this context, the cost of a path (i1, i2, ...,in) that starts at i1 and ends
at a destination node in is redefined to be:
n 1

g (i n )   c (i K , i K 1 )
k 1

One way to transform this problem into one involving a terminal cost only is to redeﬁne the graph of
the problem so that nodes correspond to sequences of nodes in the original problem graph. Thus if we
have arrived at node ik using path(i1, ..., iK), the choice of ik+1 as the next node is viewed as a transition
from state (i1, ..., iK) to state(i1, ..., iK, iK+1). Both states (i1, ..., iK) and (i1, ..., iK, iK+1) are viewed as
nodes of a redefined graph. Furthermore, in this redefined graph, a destination node has the form
(i1, i2, ..., in), where in is a destination node of the original graph, and has a cost given by Eq. (24).
After the details are worked out, we see that to recover our earlier algorithms and analysis, we need to
modify the cost of the heuristic algorithm Ψ as follows: If the path (i1, i2, ..., in) is generated by Ψ
starting at i1, then:
n 1

H (i1 )  g (in )   c (i K , iK 1 )
k 1

Furthermore, the rollout algorithm Ψ at node im selects as next node im+1 the node:

im 1  arg min c (im , j)  H ( j )
jN ( i )

The definition of a sequentially consistent algorithm remains unchanged:

H (ik )  c(iK , iK 1 )  H (ik 1 )  min c (ik , j )  H ( j), k  1, ..., m  1
jN ( K )

A sequentially improving algorithm should now be characterized by the property:
H (ik )  c(iK , iK 1 )  H (ik1 )

if ik+1 is the next node on the path generated by Ψ starting from ik. Furthermore, Proposition 2 remains
unchanged except it is modified to read:

H (ik )  min c (ik , j)  H ( j ), k  1, ..., m  1
jN ( K )

Finally, the criterion min H ( j )  g (i K' ) used in the fortified rollout algorithm, given the sequence
jN ( K )

( s , i , i1 ,  , i m ) , where im   , and the path P(im )  (im , im' 1, , iK' ) , should be replaced by:
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min c (ik , j )  H ( j )  g (iK' )  c(im , im' 1 ) 

jN ( K )

k 1
'
l

'
l 1

 c(i , i

)

l m1

Let s is the number of initially available spare parts, and let m and y be the vectors:
y  ( y1 , ..., y T ) ,

m  (m1 , ..., mT ),

where mt, t=1, ..., T, is the number of machines of type t (all assumed to be initially working), and yt,
t=1, ..., T, is the number of breakdowns of machines of type t during the first stage. The decision to be
made is:
u  (u1 , ..., uT )

where ut is the number of spare parts used to repair breakdowns of machines of type t at the end of the
first stage. We note that at the second stage, it is optimal to use the remaining spare parts to repair the
machines that break in the order of their cost (that is, repair the most expensive broken machines, then
if spare parts are left over, consider the next most expensive broken machines, etc). Thus, if we start
the second stage with s spare parts, and mt working machines of type t=1, ..., T, and during the
second stage, yt machines of type t break, t=1, ..., T, the optimal cost of the second stage, which is
denoted by G (m , y , s ) , where:
m  (m1 , ..., mT ),

y  ( y1 , ..., yT )

can be calculated analytically. We will not give the formula for the function G, because it is quite
complicated, although it can be easily programmed for computation.
Let us denote by R the expected value, over the second stage breakdowns, of the second stage cost:

R(m , s )  E y G (m , y , s )
Then in the fist stage, and once the first stage breakdowns are known, the problem is to find
u  (u1 , ..., uT ) that solves the problem:
T

C ( y

minimize

t

t 1

t


 ut )  R  m  y  u,


T



 u 
t

t 1

T

subject to

u

t

 s, 0  ut  y t , t  1, ..., T

t 1

This is the problem we wish to solve approximately by using a rollout algorithm.
Let reformulate this first stage problem as a path construction problem. In the reformulated problem,
the nodes of the graph are triplets (m, y, s). Destination nodes are the ones for which y = 0 and the
repair/no repair decision has been made for all the first stage breakdowns. At a non-destination node,
the control choices are to select a particular breakdown type, say t, with yt>0, and then select between
two options:
(1)

Leave the breakdown unrepaired, in which case the triplet (m, y, s) evolves to:
( m1 , ..., mt 1 , mt  1, ..., mt 1 , ..., mT , y1 , ..., yt 1 , y t  1, ..., y t 1 , ..., yT , s )

and the cost Ct of permanently losing the corresponding machine is incurred.
(2)

Repair the breakdown, in which case the triplet (m, y, s) evolves to:
( m1 , ..., mT , y1 , ..., y t1 , y t  1, ..., y t 1 , ..., yT , s  1)
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аnd no cost is incurred.
Once we have y1= … = yT=0, there is no decision to make, and we simply pay the optimal cost-to-go
of the second stage, R( m1 , mT , s ) , and terminate.
We consider rollout policies based on heuristic algorithms. We used the following two heuristics,
which given the triplet (m, y, s), produce a first stage solution u:
(1)

Proportional Heuristic: In this heuristic, we compute an estimate N of the total number of
second stage breakdowns based on the probabilities pt of breakdown of individual machines of
T

type t. In particular, we have N  t 1 pt N t , where Nt is a heuristic estimate of the number of
working machines of type t at the start of the second stage, based on the already known vectors
m and y. We form the estimated ratio of first stage to second stage breakdowns,
T

f  t 1 y1
We then firs the number of spare parts to be used in the first stage to:
s1  a f s

where a is a positive parameter. The first stage problem is then solved by allocating the s1 spare
parts to machines of type t in the order of the costs Ct(1–pt). (The factor of 1–pt is used to
account for the undesirability of repairing machines that are likely to break again.) The constant
a provides a parameterization of this heuristic. In particular, when a<1, the heuristic is
conservative, allocating more spare parts to the second stage than the projected ratio of
breakdowns suggests, while if a>1, the heuristic is more myopic, giving higher priority to the
breakdowns that have already occurred in the first stage.
(2)

Value-Based heuristic: In this heuristic, given the state, we assign values of Ct and
Ct(1–pt) to each spare part used to repair a machine of type t in the second stage and the first
stage respectively. Note that a repair of a machine in the first stage is valued less than a repair of
the same machine in the second stage, since a machine that is repaired in the first stage may
break down in the second stage and require the use of an extra spare part. We rank-order the
values Ct and Ct(1–pt), t=1, ..., T, and we repair broken down machines in decreasing order of
value, using the estimate pt(mt–yt) for the number of machines to break down in the second
stage.

It is a fact that the rollout algorithms can improve significantly the performance of the original
heuristic algorithm Ψ. In particular, the relative improvement is significant. Furthermore, it can be
denoted that:
(a) All of the algorithms*Ψ, Ψе, and  , and  consistently outperform the original
heuristic algorithm Ψ. On the other hand, because Ψ is not guaranteed to be sequentially
improving, the standard rollout algorithm Ψ may perform worse than the original heuristic Ψ.
(b) The optimized rollout algorithm *Ψ consistently outperforms the standard and the extended
rollout algorithmsΨ and Ψе.
(c) The fortified rollout algorithm  consistently outperforms the standard and the extended
rollout algorithms Ψ and Ψе. On the other hand there is no clear superiority relation between
the optimized and the fortified algorithms.
L-lysine production, before and after alternative rollout optimization is shown in Fig. 2.
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Fig. 2. L-lysine production, before and after alternative rollout optimization

2. NONLINEAR MODEL PREDICTIVE CONTROL OF THE EXAMINED PROCES
The control of fermentation processes focuses on an open-loop operation owing to their highly
nonlinear and inherently difficult dynamic behavior. The optimization is carried out off-line and the
reactor is fed by the determined optimal feed profile. Once the batch proceeds there is no provision to
account for disturbances occurring during the batch (Camacho et al., 2004, Soni, 2002).
Finally the performance of the controller is evaluated and strategies for disturbance compensation are
presented. The results of this approach are presented for carnitine production by L-lysine.
An added advantage of using a predictive controller is the fact that the decisions made for fed-batch
fermentors during the course of the process operation have a significant impact on the final product
quality. In such a scenario the model predictive control algorithm proves beneficial since it can predict
the effect of the past input moves on the future system behavior. Since process feedback is
incorporated into the algorithm at every time step the predicted future constraint violations can be
accounted for and subsequently input moves can be chosen so that they can prevent these violations
from taking place. On the other hand, constraint handling is not easily incorporated with classical
feedback techniques; furthermore classical feedback controllers respond only after the disturbance
manifests itself in the process output thereby limiting their applicability for constrained fed-batch
control problems (Soni, 2002).
This problem of implementing the optimal policy and ensuring that the system follows the optimal
trajectory in the presence of disturbances has received a limited previous consideration. Attention is
thus focused on designing a controller to track the optimal policy and on approaches for the
disturbance compensation for the closed-loop control problem (Garcia, 1989).
The control scheme for the fed-batch bioreactor is implemented in two stages and the substrate feed
rate serves as the manipulated variable. Initially a constrained optimal control problem is solved offline in order to determine the manipulated variable profile that maximizes the end of the batch product
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concentration for the product of interest while maintaining a pre-specified fixed final volume. The
next step involves tracking of the optimal control trajectory in a closed-loop operation (Soni, 2002).
Even if the system is linear, the closed-loop dynamics are in general nonlinear due to the presence of
constraints. NMPC refers to MPC schemes that are based on nonlinear models and/or consider nonquadratic cost-functionals and general nonlinear constraints on the states and inputs.
Since its first invention in the 70s of the last century, linear MPC has crystallized as one of the key
advanced control strategies. By now linear model predictive control, is widely used in industrial
applications especially in the process industry (Morari at al., 1997). The practical success is mainly
based on the possibility to take constraints on the states and inputs systematically into account while
operating the process optimally.
The purpose of this paper is twofold. In the first part a review is provided on the current state of
NMPC. After a presentation of the basic principle of predictive control some of the key theoretical,
computational and implementational aspects of this control strategy is presented. Furthermore, the
inherent advantages and disadvantages of NMPC are discussed. If it is mainly focus on NMPC for
continuous time systems using sampled measurement information and do not go into details on
discrete time NMPC strategies. For more self contained reviews on NMPC is referred to Allgower et
al., 1999, Chen et al., 1998, De Nicolao et al., 2000, Mayne et al., 2000, Morari et al., 1997.
One important precondition for the application of NMPC, is the availability of reliable and efficient
numerical dynamic optimization algorithms, since at every sampling time a nonlinear dynamic
optimization problem must be solved in real-time. Solving such an optimization problem efficiently
and fast is, however, not a trivial task and has attracted strong research interest in recent years).
Model predictive control is formulated as the repeated solution of a (finite) horizon open-loop optimal
control problem subject to system dynamics and input and state constraints. Figure 1 depicts the basic
idea behind model predictive control. Based on measurements obtained at time t, the controller
predicts the dynamic behavior of the system over a prediction horizon Tp in the future and determines
(over a control horizon Tc≤Tp) the input such that a predetermined open-loop performance objective is
minimized. If there were no disturbances and no model-plant mismatch, and if the optimization
problem could be solved over an infinite horizon, then the input signal found at t=0 could be openloop applied to the system for all t≥0. However, due to disturbances, model-plant mismatch, and the
finite prediction horizon the actual system behavior is different from the predicted one. To incorporate
feedback, the optimal open-loop input is implemented only until the next sampling instant. In principle
the time between each new optimization, the sampling time, can vary. For simplicity of presentation,
that it is fixed, i.e the optimal control problem is re-evaluated after the constant sampling time δ.
Using the new system state at time t+δ, the whole procedure – prediction and optimization – is
repeated, moving the control and prediction horizon forward.
In the following,  denotes the Euclidean vector norm in Rn (where the dimension n follows from
context) or the associated induced matrix norm. Vectors are denoted by boldface symbols. Whenever a
semicolon “;” occurs in a function argument, the following symbols should be viewed as additional
parameters, i.e. f(x;γ) means the value of the function f at x with the parameter γ.
Models in MPC are used for predicting the process output over a prediction horizon. Control actions
are calculated over a control horizon in such a way that the predicted process output is as close as
possible to the desired reference signal and the first control action in sequence is applied in each step
(Fig. 1) (Morari 1999, Chen 1998).
In Fig. 1 the open-loop optimal input is depicted as a continuous function of time. To allow a
numerical solution of the open-loop optimal control problem the input is often parametrized by a finite
number of “basis” functions, leading to a finite dimensional optimization problem. In practice often a
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piecewise constant input is used, leading to Tc/δ decisions for the input over the control horizon.
Summarizing, a standard NMPC scheme works as follows:
1.

Obtain estimates of the states of the system;

2.

Calculate a constraint-conforming optimal input minimizing the desired cost function over the
prediction horizon using the system model and the current state estimate for prediction;

3.

Implement the first part of the optimal input until the next sampling instant;

4.

Continue with 1.

While it can be desirable for computational and performance reasons to choose unequal lengths of the
prediction and control horizon, assuming that in the following that Tc=Tp for our presentation.
2.1. Mathematical formulation of state feedback NMPC
Consider the stabilization of time-invariant nonlinear systems of the form:
x (t )  f ( x (t ), u (t )) , x(0)=x0

(24)

subject to the input and state constraints:
(25)

x(t)≤X, t ≥ 0

(26)

Mea sured Profile

u(t)≤U, t ≥ 0
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Fig. 3: Principle of model predictive control
With respect to the vector field f : Rn×Rm→Rn, assuming that it is locally Lipschitz continuous in the
region of interest (typically the region of attraction) and satisfies f(0, 0)=0. Furthermore, the set U 
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n

Rm is compact, X→R is connected, and (0, 0)≤X×U. Typically U and X are (convex) box constraints
of the form:

U  u  R m u min  u  u max 

(27)

X  x  R n xmin  x  xmax 

(28)

with the constant vectors umin, umax and xmin, xmax.
In sampled-data NMPC an open-loop optimal control problem is solved at discrete sampling instants ti
based on the current state information x(ti). Since considering that a constant sampling time δ, the
sampling instants ti are given by ti=I, δ, i=0, 1, 2, ... When the time t and ti occurs in the same setting,
ti should be taken as the closest previous sampling instant ti < t.
The open-loop input signal applied in between the sampling instants is given by the solution of the
following optimal control problem:
Problem 1: min J x (t i ), u () , subject to: x ( )  f x ( ), u ( ), x i  x (t i )
u ( )



u ( )  U, x ( )  X,   t i  T p



(29)
(30)

x (t i  T p )  

(31)

The bar denotes predicted variables (internal to the controller), i.e. x () is the solution of (6a) driven
by the input u () : ti  T p  U with the initial condition x(ti). The distinction between the real system





variables and the variables in the controller is necessary, since even in the nominal case the predicted
values will not be the same as the actual closed-loop values.
The cost functional J minimized over the control horizon Tp≤δ>0 is typically given by:
t i T p

J x (t i ), u () : 

 F x ( ), u ( )  d  E x (t

i

 Tp )

(32)

ti

where the stage cost F : X×U→R+ is often assumed to be continuous, satisfies F(0, 0)=0, and lower
bounded by a class K function αF :αF ( x )≤F(x, u)  (x, u)  X×U.
The terminal penalty term E and the so called terminal region constraint x (t i  T p )   might or might
not be present. These are often used to enforce nominal stability.
The stage cost can for example arise from economical and ecological considerations. Often, a
quadratic form for F is used:
F(x, u)=xТQ x+uТ R u

(33)

with Q≥0 and R>0.
The state measurement enters the system via the initial condition in (6a) at the sampling instant, i.e.
the system model used to predict the future system behavior is initialized by the actual system state.
Since all state information is necessary for the prediction, the full state must be either measured or
estimated.
The solution of the optimal control problem (30) is denoted by u ; x (t i ) . It defines the open-loop
input that is applied to the system until the next sampling instant ti+1:
u t ; x (t i )  u t ; x(t i ) , t  [t i , t i1 )
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The control u(t; x(ti)) is a feedback, since it is recalculated at each sampling instant using the new state
measurement. In comparison to sampled-data NMPC for continuous time systems, in instantaneous
NMPC (also often referred to as receding horizon control) the input is deﬁned by the solution of


Problem 1 at all times: u  x(t )  u t ; x (t )  , i.e. open-loop input is applied (De Nicolao 2000, Mayne
2000).
The solution of (1) starting at time t1 from an initial state x(t1), applying an input u :t1 , t 2   R m is
denoted by x(τ; u(·), x(t1)), τ≤ [t1,t2]. If it will refer to an admissible input as:
Definition 3: (Admissible input) An input u : [0,Tp]→Rm for a state x0 is called admissible, if it is:
a) piecewise continuous



b) u ( )  U    0, T p






c) x ( ; u ()), x 0 )  X  0, T p , d ) x(T p ; u (), x 0 )  
Deﬁnition 4: (Value function) The value function V(x) of the open-loop optimal control Problem 1

is defined as the minimal value of the cost for the state x: V ( x)  J  x, u(; x ) 


The value function plays a central role in the stability analysis of NMPC, since it often serves as a
Lyapunov function candidate (Allgower 1999, Mayne 2005).
Typically, no explicit controllability assumption on the system is considered in NMPC. Instead, the
stability results are based on the assumption of initial feasibility of the optimal control problem, i.e.
the existence of a input trajectory u(·) s. t. all constraints are satisfied.
The unequalness of the predicted and the closed-loop trajectories has two immediate consequences.
Firstly, the actual goal to compute a feedback such that the performance objective over the infinite
horizon of the closed-loop is minimized is not achieved. In general it is by no means true that the
repeated minimization over a moving finite horizon leads to an optimal solution for the infinite
horizon problem. The solutions will often differ significantly if a short finite horizon is chosen.
Secondly there is in general no guarantee that the closed-loop system will be stable. It is indeed easy
to construct examples for which the closed-loop becomes unstable if a short finite horizon is chosen.
Hence, when using finite prediction horizons special attention is required to guarantee stability.
The summarize the key characteristics and properties of NMPC are:


NMPC allows the direct use of nonlinear models for prediction;



NMPC allows the explicit consideration of state and input constraints;



In NMPC a specified time domain performance criteria is minimized on-line;



In NMPC the predicted behavior is in general different from the closed loop behavior;



For the application of NMPC typically a real-time solution of an open-loop optimal control
problem is necessary.

To perform the prediction the system states must be measured or estimated.
Basing the applied input on the solution of an optimal control problem that must be solved on-line is
advantageous and disadvantageous at the same time. First, and most important, this allows to directly
consider constraints on states and inputs which are often difficult to handle otherwise. Furthermore,
the desired cost objective, the constraints and even the system model can in principle be adjusted online without making a complete redesign of the controller necessary. However, solving the open-loop
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optimal control problem, if attacked blindly, can be difficult or even impossible for large systems.
4.1 State feedback NMPC and nominal stability
One of the most important questions in NMPC is whether a finite horizon NMPC strategy does
guarantee stability of the closed-loop or not. The key problem with a finite prediction and control
horizon is due to the difference between the predicted open-loop and the resulting closed-loop
behaviour. Ideally, one would seek for an NMPC strategy which achieves closed-loop stability
independently of the choice of the parameters and, if possible, approximates the infinite horizon
NMPC scheme as well as possible. An NMPC strategy that achieves closed-loop stability
independently of the choice of the performance parameters is often referred to as an NMPC approach
with guaranteed stability. Different approaches to achieve closed-loop stability using finite horizon
lengths exist. Here only some central ideas are reviewed and no detailed proofs are given. Moreover,
no attempt is made to cover all existing methods. Most of the technical details are left out for reasons
of a simple presentation.
Finite Horizon NMPC Schemes with Guaranteed Stability: Different possibilities to achieve closedloop stability using a finite horizon length exist. Most of these approaches modify the standard NMPC
setup such that stability of the closed-loop can be guaranteed independently of the plant and
performance specification. This is usually achieved by adding suitable equality or inequality
constraints and suitable additional penalty terms to the standard setup. The additional terms are
generally not motivated by physical restrictions or performance requirements but have the sole
purpose to enforce stability. Therefore, they are usually called stability constraints. One possibility to
enforce stability with a finite prediction horizon is to add the so called zero terminal equality
constraint at the end of the prediction horizon, i.e.

x t  T p   0

(35)

is added to Problem 1. This leads to stability of the closed-loop, if the optimal control problem has a
solution at t=0. Similar to the infinite horizon case the feasibility at one sampling instant does imply
feasibility at the following sampling instants and a decrease in the value function.
Many schemes exist that try to overcome the use of a zero terminal constraint of the form (10). Most
of them use the terminal region constraint x t  T p   and/or a terminal penalty term Е x t  T p  to
enforce stability and feasibility. Typically the terminal penalty E and the terminal region E are
determined off-line such that the cost function:
t i T p

J x (t ), u ()  

 F ( x ( ), u ( ))d  Е( x (t

i

 T p ))

(36)

ti

gives an upper bound on the infinite horizon cost and guarantees a decrease in the value function as
the horizon recedes in time.
Theorem 1 (Stability of sampled-data NMPC) Suppose that:
a) the terminal region   X is closed with 0   and that the terminal penalty E(x)≤C is positive
semi-define
(b) the terminal region and terminal penalty term are chosen such that x   there exists an
(admissible) input u  : [0,  ]  U such that x ( )   : [0,  ] and:

E
f x ( ), u  ( )   F  x( ), u  ( )  0,   [0,  ]
x
(c) the NMPC open-loop optimal control problem is feasible for t=0
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Then in the closed-loop system (1) with (9) x(t) converges to the origin for t→, and the region of
attraction R consists of the states for which an admissible input exists.
Proof. The proof is given here for sake of completeness. It bases on using the value function as a
decreasing Lyapunov-like function. As usual in predictive control the proof consists of two parts: in
the first part it is established that initial feasibility implies feasibility afterwards. Based on this result it
is then shown that the state converges to the origin.
Feasibility: Consider any sampling instant ti for which a solution exists (e.g. t0). In between ti and ti+1


the optimal input u ; x(t i )  is implemented. Since no model plant mismatch nor disturbances are


present, x (t i1 )  x  ti 1 ; u ; x (t i ) , x(ti ),  . The remaining piece of the optimal input u  ; x(t i )  ,



[ti+1, ti+Tp] satisfied the state and input constraints. Furthermore, x  t i  T p ; x(ti ), u (; x (t i ))   


and that is known from Assumption (b) of the theorem that for all x   there exists at least one input
u  () that renders  invariant over δ. Picking any such input we obtain as admissible input for any
time ti+σ, σ≤(0, ti+1−ti]:



u  ; x (t i ),   [t i1   , ti  T p ]
~
u  ; x (t i   )  
u  (  ti  T p ),   (ti  T p , ti  T p   ]

(38)

Specifically, it is given for the next sampling time (σ=ti+1−ti) that u~ (·; x (t i 1 ) is a feasible input, hence
feasibility at time ti implies feasibility at ti+1. Thus, if (38) is feasible for t=0, it is feasible for all t≥0.
Furthermore, if the states for which an admissible input exists converge to the origin, it is clear that the
region R that consists of those points belongs to the region or attraction.
Convergence: it is firs show that the value function is decreasing starting from a sampling instant.
Also, the value of V at x(ti) is given by:
t i  Tp

V x (t i )  






F  x ( , u (; x (ti )), x(ti )), u( ; x(ti ))d  E ( x (t i  T p , u(; x (ti )), x (ti )) 




ti

(39)



and the cost resulting from (39) starting from any x (t i   , u(; x (t i )), x (ti )),   (0, t i 1  t i ] using the
input u~  ; x (t   ) , given by:
i

J x (ti   ), u~(; x(ti   )) 

t i  T p

~

 F x ( ; u (; x(t
  )), x (t   ))

i

  )), x(ti   )), u~( ; x(ti   )))d 

t i 

 E x (t i    T p ; u~(; x (ti

(40)

i

Reformulation yields:
J x (ti   ), u~ (; x(ti   ))  V x (ti ) 

t i 


ti



F  x ( ; u(; x (ti )), x (ti )), u ( ; x (ti ))) d 



t i  T p

 E x (ti  T p ; u~ (; x(ti ), x (t i )) 

~

 F x ( ; u (; x(t
  )), x(t   ))

i

  )), x (t i   )), u~( ; x (t i   ))d 

t i 

 E x (ti    T p ; u~(; x (ti
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Integrating inequality (40) from ti+σ to ti+σ+Tp starting from x(ti+σ) is obtained zero as an upper
bound for the last three terms on the right side. Thus:
J x (ti   ), u~ (; x(ti   ))  V  x(ti )   

t i 





F  x ( ; u(; x (ti )), x (ti )), u ( ; x (t i ))) d




ti

(42)

Since u~ is only a feasible but not necessarily the optimal input for x(ti+σ), it follows that:
t i 

V x (ti   )   V  x(ti )  









 F  x ( ; u(; x(t )), x(t )), u ( ; x(t ))) d
i

i

i

(43)

ti

i.e. the value function is decreasing along solution trajectories starting at a sampling instant ti.
Especially we have that:
t i 1





V x (ti  1)  V x(ti )    F  x ( ; u (; x(ti )), x(ti )), u( ; x(ti ))) d


t

(44)

i

By assumption, this decrease in the value function is strictly positive for x(ti)0. Since this holds for
all sampling instants, convergence can be established as in (Chen 1998) by an induction argument and
the application of Barbalat’s lemma.
Loosely speaking, E is an F-conform local control Lyapunov function in  . The terminal region
constraint enforces feasibility at the next sampling instant and allows, similarly to the infinite horizon
case, to show that the value function is strictly decreasing. Thus stability can be established. Note that
this result is nonlocal in nature, i.e. there exists a region of attraction R which is of at least the size of
. Typically the region of attraction resulting from this scheme is much larger than  and contains the
set of all states for which the open-loop optimal control problem has a feasible solution.
Various ways to determine a suitable terminal penalty term and terminal region exist. Examples are
the use of a control Lyapunov function as terminal penalty Ei or the use of a local nonlinear or linear
control law to determine a suitable terminal penalty E and a terminal region .
Quasi-infinite horizon NMPC: We exemplify the choice of a suitable terminal region constraint and a
terminal penalty term considering the so called quasi-infinite horizon NMPC (QIH-NMPC) approach
(Findeisen 2001). In QIHNMPC E and  are obtained on the basis of a locally stabilizing linear
control law u=Kx considering a quadratic stage cost of the form (36). The terminal penalty term E in
this case is quadratic and of the form E(x)=xTPx. The following procedure gives a systematic approach
to compute the terminal region and a terminal penalty matrix off-line, assuming that the Jacobian
f
f
linearization (A, B) of (1) is stabilizable, where A :
(0, 0) and B :
(0, 0) .
x
u
Step 1 : Solve the linear control problem based on the Jacobian linearization (A, B) of (1) to obtain a
locally stabilizing linear state feedback u=Kx.
Step 2 : Deﬁne AK:=A+BK, and choose a constant ≤[0, ∞) satisfying <−λmax(AK) and solve the
Lyapunov equation:

 AK  I T P  P AK  I   Q  K T RK 

(45)

to get a positive definite and symmetric P.
Step 3 : Find the largest possible 1 defining a region



1 : x  R n x T Px   1
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such that Kx≤U, for all x≤1.
Step 4 : Find the largest possible ≤(0, 1] specifying a terminal region



 : x  R n x T Px  



(47)

such that the optimal value of the following optimization problem is non-positive:

maxx T P ( x )    x T Px   

(48)

x

where  ( x ) : f ( x, Kx )  AK x ϕ(x) := f(x, Kx) − AKx.

L-lysine, L.h

-1

This procedure allows to calculate E and  if the linearization of the system at the origin is
stabilizable. If the terminal penalty term and the terminal region are determined accordingly, the openloop optimal trajectories found at each time instant approximate the optimal solution for the infinite
horizon problem.
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Fig. 4. NMPC to L-lysine production
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Remark 1 Theorem 2.1 allows to consider the stabilization of systems that can only be stabilized by
feedback that is discontinuous in the state (Fontes 2000), e.g. nonholonomic mechanical systems. This
is possible since the optimal input signal is applied over the sampling time open-loop to the system.
For such systems, however, it is in general rather difficult to determine a suitable terminal region and
a terminal penalty term - for instance, the QIH-NMPC method cannot be used.
Remark 2 The use of a terminal inequality constraint leads to computational and feasibility
advantages compared to the infinite horizon and zero terminal constraint approach. No zero terminal
constraint must be met in finite time. The solution time necessary for solving the open-loop optimal
control problem is decreased, since no “boundaryvalue” problem stemming from the zero terminal
constraint must be solved. Furthermore, note that in NMPC it is in general not necessary to ﬁnd
always an optimal solutions of Problem 1 in order to guarantee stability. Only a feasible solution
leading to a decrease in the value function is necessary. This can be utilized to decrease the necessary
on-line solution time and makes the practical application more robust (Ilkova et al., 2010).
Summarizing, the nominal stability question of NMPC in the state feedback case is well understood.
Various NMPC approaches that guarantee stability exist.
NMPC involves the solution of an optimization problem on-line in order to determine the optimal
inputs over a future time horizon.
The objective of the optimization is generally a weighted measure of the future tracking error and the
difference between the predicted model outputs and the desired set points. In each time step an
estimate of current disturbances is updated, the optimization is solved based on this new estimate (and
an assumption regarding its future effect) and the first of the resulting optimal inputs is implemented.

The 15th hour is chosen as a first control point. As it may be noted that there is a diversion
from the reference profile marked on the figure by “—”, accordingly the optimal profile is changed –
NDP profile. The second point is at 22,5th hour. The third point is at 25,7th hour. The obtained control
guarantees the robustness and stability of the biomass production. The local optimization at the 5th, 8th
and 10th hour is made by the alternative rollout algorithms that has been written in Section
“Alternative rollout optimization method”. The optimization criterion is maximal biomass
concentration at the end of the process (criterion J).
NMPC to L-lysine production is shown in Fig. 4.

5. CONCLUSIONS
NMPC is developed for guarantee robustness to process disturbances for a fed-batch fermentation
process for the L-lysine. The method is carried out with an aim control of disturbance of the optimal
control variable (feeding rate). For local optimization of choice optimization hour, an algorithm is
applied in order to find an optimal profile of the control variable.
For local optimization consider the approximate solution of discrete optimization problems using
procedures that are capable of magnifying the effectiveness of any given heuristic algorithm through
sequential application a alternative rollout algorithms, which are related to notions of policy iteration.
The developed control algorithm ensures maximal L-lysine at the end of the process and guarantees a
feedback on disturbance as well as robustness to process disturbances.
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INFLUENCE OF INLET GAS FLOW VELOCITY
ON THE OUTLET MALDISTRIBUTION COEFFICIENT OF GAS FLOW
AFTER FOUR TYPES GAS DISTRIBUTION DEVICES
Tatyana St. Petrova
Institute of chemical engineering, Bulgarian Academy of Sciences,
1113 Sofia, Akademik Georgi Bonchev Str., bl.103
e-mail: tancho66@yahoo.com

Abstract:
Gas flow velocity profiles after four Gas Distribution Devices (GDD), mounted in column with
diameter 0.5 m, have been measured experimentally. It is shown that the value of gas flow
maldistribution factor (Mf ) after each GDD depends on the initial gas flow velocity. The minimal
values of Mf for every GDD at the investigated range of initial velocities have been determined. The
lowest value for Mf (about 0.16) is reached for GDD №3 at lowest initial velocity (1.3 m/s) and for
middle and highest one (1.6 and 2 m/s respectively) lowest Mf have been registered at GDD №4
(about 0.2 ÷ 0.22).
Key words: gas distribution device, velocity influence, gas maldistribution factor

1. INTRODUCTION
The distribution of gas flow in the packed bed columns is realized when the gas flow first passed
through the gas distribution device (GDD), and then it is fed to the packing layer. The degree of
maldistribution of gas flow at the outlet of both the GDD and the packing layer, is perceived to be
assessed quantitatively by so called Maldistribution factor (Coefficient of maldistribution) etc. Mf
(Petrova 2008, Muir and Briens 1986, Petrova et all. 2007, Porter et all. 1993, Yuan and Li 1997). It is
calculated according to the most commonly used formula:

Mf 

1 n  wi  w0

 w
n
0



i 1






2

,

(1)

where Wi is the local gas velocity, measured in the i-th cell, (m/s), w0 is the mean velocity in the whole
cross-section, (m/s), and n is the number of the cells, in which all column cross-section area is divided.
In (1) it is assumed that the cross-section has been divided virtually to n cells with equal area, because
in another choice of sampling cells in the upper formulae in place of 1/n the weighted ratios Fi/F is
appeared; where Fi, (m2) are the areas of measuring cells and F, (m2) is the area of all cross-section,
respectively (Petrova 2008, Petrova et all. 2010).
Because of properties of some type of packings to be very sensitive to initial flow maldistribution,
especially in the industrial columns with large dimensions (Edwards et all. 1999), it is important to
study of which factors exactly depends on the flow maldistribution after the GDD, then to select the
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appropriate GDD or if this is unacceptable, what measures can be applied to the specific GDD to
reduce its Mf to the recommended 10-20% (Edwards et all. 1999).
Lately, the attention is paid to the research and modelling of the GDD performance, as well as to the
factors that have influenced on the maldistribution, that they created (Petrova et all. 2010, Xu-Guang
Li et all. 2007, Lei Meng et all. 2008, Zeng Jiang Tao et all. 2009), focusing in recent years to the
design and simulation of the performance of new GDD constructions. It is known that the manner of
gas transmission in the GDD (tangential or ring-shaped), the distance from the inlet pipe of GDD to
the bottom of the column and packing layer significantly affect the value of Mf (Muir and Briens
1986, Yuan and Li 1997, Darakchiev and Dodev 2002). To ensure a good uniformity of output flow
after the GDD it is recommended (Yuan and Li 1997) for the distance from the GDD to the column
bottom to be equal to 1.5 ÷ 1.7 D, and for the diameter of the GDD inlet pipe to be within 0.4 ÷ 0.6 D,
where D is the diameter of the column apparatus. Also there is an evidence of the formation of reverse
flows in the packing, located directly above the GDD, if not met ratio 0.15/0.18 D for the distance
between the GDD pipe and packing layer (Idel’chik 1982, Darakchiev and Dodev 2002). Adding of
equalization devices such as grids, piercing tubes and so on to GDD can also improve the velocity
profile after the GDD (Idel’chik 1982, Darakchiev and Dodev 2002, Kabakov and Rozen 1984, Rozen
and Kostanyan 2002, Titel`man et all. 1970), if they do not increase too much pressure drop in the
GDD and are expensive to manufacture and complicated to install.
The existed literature reports show examples, that even short packing layers can successfully reduce
the initial maldistribution, generated by the GDD (Porter et all., 1993) but there are a lot cases in
industrial installations, where this inequality is maintained (Kabakov and Rozen 1984, Rozen and
Kostanyan 2002), instead of increasing packing layer up to 15 m and finally this strongly degrade the
column efficiency. The packing layer ability to reduce quickly the initial maldistribution, without
having to increase the height of the layer and consequently the cost, depends exclusively on the very
type of packing. There is also evidence that with increasing rate of incoming gas flow rate the value of
gas maldistribution factor after of 3 types GDD does not change significantly in the column with a
diameter of 0.1 m (Haghshenasfard et all. 2007). Another authors (Yuan and Li 1997) were reached to
the similar conclusion, but they were studied the influence of various factors including the rate of inlet
flow on the maldistribution factor, calculated after structured packing Mellapak 250-Y for 5 different
types of GDD in column with diameter of 1 m. Interestingly, however, what would be the value of Mf
and velocity profile after only GDD in the column with larger diameter than that in (Haghshenasfard et
all. 2007).
This work aims to investigate the influence of the initial gas flow rate on the maldistribution factor Mf
and on the velocity profile, obtained after four different modifications of one GDD, and to determine
which minimum values of this coefficient can be achieved for each of the modifications, depending on
the rate of inlet gas flow.
2. EXPERIMENTAL
In the column with a diameter of 0.5 m a series of experiments to measure the velocity profile of the
gas flow (air) at the outlet after each of the four modifications of the GDD (Fig. 1, a-b) for three
different initial rates of gas flow (1.3, 1.6 and 2 m/s), have been carried out. The air enters the column
body 1 and moves along the duct 2 of the fan plant, goes through tared flow meter 3 and the valve 4
and enters the column through the gas inlet pipe 5 with equivalent diameter of 0.16 m. The rate of air
flow delivery is controlled by the flow meter and is recorded with liquid U - shaped differential
manometer 6. After each modification of the GDD (I ÷ IV) the local velocities wi of output gas flow is
measured by thermoanemometer 7 in n=123 equal area cells 0.04 x 0.04 m, covered all cross-section
area of the column to which the modifications are installed. The used thermoanemometer is Kurz,
model 440 (USA) with an accuracy ± 2%. The thermoanemometer readings is converted by special
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written program to velocity for each cell; the value of the local velocity is an average of 100
instantaneous measurements, then this value is recorded and registered on the computer. Based on the
resulting velocity profile in 123 cells after each modification for all investigated range of initial gas
flow rates, the coefficient of maldistribution of gas output flow has been calculated by the (1). For
each of the initial velocities at least 3 parallel experiments for the output velocity profile at each
GDD`s modification are made, and then the obtained values for the Mf are averaged.

(a)
7

6

8

(b)

I

II

III

IV

Figure 1. Schemes of the experimental installation (а) and of GDD`s modifications (b)
(a) 1 -column, 2- duct (pipe-line), 3 – flow-meter, 4 – valve, 5 – gas inlet pipe, 6– U-shaped liquid
differential manometer, 7 – thermoanemometer, 8 – water mirror;
(b) – modification I – with water mirror placed 0.2 m above the gas inlet pipe; modification II –
without the water mirror; modification II is modification II with added empty column section with
height 0.5 m ; modification IV is modification II with added 2, 4 or 6 Holpack grids respectively
mounted at the distance about 0.15 m from the column body above the gas inlet pipe.
The gas inlet pipe 5 (bend toward the column bottom) is the same in each of the modifications (Fig. 1
(b)) together with the body of the column 1 and both form a "basic" GDD. Modification I is the
“basic” GDD with added water mirror 8, reaching to 0.2 m below the gas inlet 5. Modification II is
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like as I, but without water mirror and modifications III and IV are variants of modification II by
adding an empty section with a height of 0.5 m or a different number of grids over the gas inlet 5. In
modification IV of about 0.15 m above the gas inlet were added respectively 2, 4 or 6 grids of
structured packing Holpack, with equivalent diameter 0.256 m (Darakchiev and Semkov 2010). In the
grids arrangement the rule each next grid to be mounted at 90° to the previous one has been kept. Free
volume of one grid is 0.96 and the grid’s diameter is equal to that of the column. It was proved
preliminary that the adding of an empty section or even 6 Holpack grids does not affect significantly
the overall pressure drop of modifications III and IV.
Preliminary tests were carried out in a random cell of the column cross-section to what extent the
measured value of the local velocity in that cell depends on the duration of measurement and on the
distance from the thermoanemometer sensor to the measuring lattice (Fig. 2), separating the column
cross-section to the 123 cells with equal area. The moving board was also constructed with a hole for
thermoanemometer sensor by which the measuring in all cells located in one vertical column of the
lattice was done much easily. The lattice clings close to the column body end and over it the board is
placed. It was proved that presence of the board does not affect on the values of local velocities
measured in the cells, which are closest to the column wall.
It was found that the duration of the measurement does not affect the thermoanemometer reading (Fig.
3) for initial gas rates 1.6 and 2 m/s. During the experimental tests it was observed that at lowest initial
rate more than 3 parallel experiments is required, since then a strong flow instability is observed. The
distance from the thermoanemometer sensor to the lattice also had a strong impact on its readings;
after the preliminary experiments a distance of 2 centimetres was chosen.

Figure 2. Sketch of the measuring lattice– 123 cells, 0.04 x 0.04 m for each cell
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Point 67, mean Wi=1,4974m/s; stdev=0,0144
mean(nstd2)=0,0482; modification IV
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Figure 3. Influence of the duration of measurement over the thermoanemometer’s readings in a
randomly chosen cell №67 from the measuring lattice.
3. RESULTS AND DISSCUTION
As it was shown above, for each of the modifications I-IV, the values of the coefficient of
maldistribution Mf in the studied range of initial gas flow rates 1.3 ÷ 2 m/s were calculated and
obtained. The results are presented in Fig. 4, which shows that the value of the coefficient of
maldistribution Mf decreases with increasing inlet gas flow rate from 1.3 to 2 m/s for all four GDD
modifications. Fluctuations in the values depending on the initial flow rate is observed mostly in
modifications I-III, at modification IV these variations are much smaller for all initial gas flow rates.
The lowest values of this coefficient are registered for modification III (Mf = 0,16) at the lowest initial
rate. The next, slightly higher values of maldistribution (0.20-0.22) is achieved as for the gas flow rate
of 1.3 m/s for modification IV with 2 grids of Holpack as well as at initial rate of 2 m/s for
modification IV with 4 or 6 grids of Holpack. When the initial gas flow rate is increased to the 2 m/s,
it was observed the stabilizing of all local velocities measured and finally the result is slowing down of
Mf at the outlet of GDD modifications. Another important conclusion is that at the average and the
highest inlet gas rates the increasing of grids number for modification IV does not substantially alter
the value of Mf (Fig. 4).
As it is known (Edwards et all. 1999) only the value of Mf is not sufficient to assess the type of
velocity profile of the output of a packing layer or of the GDD, so we can assess the improvement by
comparing contour maps of local velocities in modifications I÷IV for two of the initial flow rates lowest and the highest (fig. 5 and 6). The observed strong asymmetry of velocity profile in
modification I gradually smooths with subsequent modifications, as it is seen that at 1.3 m/s despite
the lowest value of Mf (0.16) for modification III the profile is still asymmetric, but the asymmetry
already occupies the greater part of the column cross-sectional area and decreased in intensity (from 3
to 1.8 m/s for the highest local velocities). In modification IV with 2 grids of Holpack slight increase
in Mf is observed and high local velocities is concentrated in the middle part of column cross section
and in part to the wall zone (Fig. 5, down, right). Adding of more grids to the modification IV leads
first to the growth of Mf then for 6 grids the coefficient of maldistribution again decreases (fig.4).
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Figure 4. Influence of maldistribution coefficient from the initial gas flow rate for the GDD
modifications I ÷ IV.
At initial flow rate 2 m/s, which is the real operating velocity in columns with such diameter, it is seen
a clear peak with very high local velocities (up to 8 m/s) for modification I. This peak is managed to
flatten in the later modifications and for modification IV the velocity profile asymmetry is already
localized only in the wall zone; the main part of the cross-section has almost uniform distribution and
the local velocities close to initial one (Fig. 6, down, right). For modification IV the residual
asymmetry is expressed at a pronounced and well-visible wall zone with local velocities up to 3.5 m/s.
4. CONCLUSIONS
The experimental investigations of the distribution and the degree of maldistribution of gas flow
velocity profile measured after 4 different modifications of the GDD with gas inlet pipe, bend toward
the bottom of the column, for three different initial gas flow rates were conducted. The value of the
coefficient of maldistribution Mf decreases from first to forth modification of GDD with increasing
inlet gas flow rate from 1.3 to 2 m/s. It was found that the removal of water mirror substantially
reduces the value of the coefficient of maldistribution Mf of subsequent modifications, which
confirmed the recommendations in (Yuan and Li 1997) for the distance from the GDD inlet pipe to the
column bottom. For modification II the increasing of initial flow rate leads to a change in the
asymmetry of the velocity profile and its distribution over the column cross-section, but does not
change the value of Mf. Adding an empty section in conjunction with the removal of water mirror
(modification III) at the lowest initial flow rate decrease the value of Mf close twice, but at the expense
of the still strong asymmetry of the profile.With increasing of initial rate the value of Mf for
modification III increases, but the asymmetry begins to withdraw towards the zone close to the column
wall and in the case of modification IV it is considerably reduced.
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Figure 5. Contour maps of gas flow velocity isolines, measured at the outlet of GDD’s
modifications for gas inlet rate 1.3 m/s
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Fig.6 Contour maps of gas flow velocity isolines measured at the outlet of GDD’s modifications
for initial flow rate 2 m/s
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By increasing the initial flow rate the adding of different numbers of grids, made of structured packing
Holpack (2, 4 or 6) in modification IV does not affect significantly the value of Mf , but successfully
equalized the residual asymmetry of the velocity profile (Fig. 6, bottom right).
The obtained results confirm the technological measures to improve initial maldistribution at GDD,
recommended in the literature. In addition, the measuring of pressure drop for each of the
modifications was done. The removing of water mirror, addition of an empty section or several grids
does not increase significantly the pressure drop through the investigated modifications of the basic
bend type GDD, which is another prerequisite for their use because they do not require additional
energy costs.
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Abstract
Consolidation of old wooden objects by cold immersion into consolidation polymer solutions is one
fundamental treatment in the conservation of wooden cultural objects. Its main purpose is to ensure
structural integrity and thus the preservation of object authenticity. The efficiency of a consolidation
treatment is mainly given by the quantity and distribution of the consolidation product which
penetrates into wood. The present paper presents an experimental study upon the weight percentage
gain and distribution of Paraloid B 72 consolidant into the structure of poplar wood. The consolidants
used were prepared at a concentration of 10% in two different solvents, toluene and a mixture of
ethanol and acetone 1:1. The consolidation products were applied on sound poplar samples
(10x10x15) mm by two different cold immersion treatments, several times of exposure being applied.
The distribution of the consolidant inside the wood structure as well as its uptake was investigated by
means of Scanning Electron Microscopy.
The aim of this research was to establish the optimum recipe considering the two viewpoints. This
represents the first stage within a wider research which envisages the addition of nano-insertions into
the present consolidant Paraloid B72 in order to increase several properties of the consolidant
material: fire retardancy, resistance to biological attack, mechanical strength.
Key words: cold immersion, wood consolidation, Paraloid B72, consolidant distribution, consolidant
retention
1. INTRODUCTION
Wood was and still remains a favourite material in human life, especially in the field of furniture,
works of art, religious items and other applications. Its conservation therefore has been an aim for the
last decades and still plays an important role nowadays, current research being undertaken. One of the
most important aspects when conserving old wooden artefacts, besides the preservation treatment, is
consolidation, a treatment usually necessary when the object is seriously altered. The purpose of the
consolidation treatment is to impart sufficient strength to the object while maintaining its integrity
which has been lost in time because of biological attack, chemical and physical degradation factors
(Wang and Schniewind 1985, Timar et al. 2010, Clausi et al. 2010).
Consolidation with soluble thermoplastic resins is the most preferred treatment in conservation
practice of porous materials, including wood, due to the advantages such a treatment offers: ease of
application, increased physical and mechanical properties of the treated object (Wang and Schniewind
1985, Crisci et al. 2010), potential reversibility of the consolidation product (Appelbaum 1987),
adhesive properties (Sakuno and Schniewind 1990, Podani et al. 2001), adhesion and cohesion, two
fundamental properties required to consolidants and possible resistance to biological attack (Clausi et
al. 2010).
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On the other hand, any treatment in conservation, consolidation treatments included, should keep to
several criteria based upon internationally established principles (Appelbaum 1987, Oberlander et al.
1989, Unger and Unger 1994, Unger et al. 2001, Farmakalidis 2006, Unger 2009):


Any material in conservation must not alter the integrity and authenticity of the object



Any material or treatment must present potential reversibility and allow further interventions



Any material or treatment must be compatible with all the materials present on the object in
question, the artistic materials being treated as a whole and not separately.

Additionally, the general requirements of consolidation materials, apart from reversibility, retreatability and compatibility, include uniformity of distribution and consolidant retention, two
properties that ultimately define the efficiency of a consolidation treatment (Farmakalidis 2006, Unger
2009, Timar et al. 2010).
The current research is an experimental assessment of two consolidation treatments with soluble
thermoplastic acrylic resin Paraloid B72 by cold immersion in terms of consolidant retention and its
distribution in the wooden structure. The final obtained data stand for a key starting point in the
development of new consolidation materials with nanoparticle insertions.
2. MATERIALS AND METHODS
2.1. Synthetic resin consolidants
Paraloid B72 is a well-known and studied consolidation material (Schniewind and Eastman 1994,
Podany et al. 2001, Chapman et al. 2001, Favaro et al. 2007, Vaz et al. 2008) which is extensively
used in the consolidation of degraded wooden works of art. This synthetic polymer is composed of
two monomers, methyl acrylate and ethyl metacrylate and has a low molecular weight. Based upon
relative stability and reversibility (important criteria in the conservation science), this product found a
particularly wide range of uses, as a coating, as an adhesive and as a consolidant. It has also been used
as an interface barrier that, at least in theory, lends greater reversibility to joints made with nonreversible adhesives such as epoxies or polyesters and limits the penetration of these materials into the
adherend substrate (Podany et al. 2001, Ellis and Heginbotham 2002).
The consolidants used were prepared at a concentration of 10%, frequently used in conservation
practice, employing two different solvents, toluene and a mixture of ethanol and acetone1/1. These
solvent types were used to better understand the influence of the type of solvent in terms of polarity on
the efficiency of a consolidation treatment: polar solvents, ethanol and acetone and a non-polar
solvent, toluene due to their properties. Since ethanol and acetone are polar solvents, they are
compatible to wooden supports, which would mean a higher retention and possible better distribution
of the consolidant due to higher attraction forces, while toluene, an aromatic non-polar solvent, would
theoretically lead to a better penetration of the consolidant (Schniewind and Eastman 1994, Timar et
al. 2010).
The prepared consolidation products were coded C1 for Paraloid B72 in toluene, and C2 for Paraloid
B72 in ethanol and acetone mixture 1/1.
2.2. Wooden samples
The wooden samples used in the research were sound poplar test pieces (Populus tremula) with the
dimensions of 10x10x15 mm (longitudinal x tangential x radial). Poplar wood had historically been
used in wood artefacts especially for painted and gilded objects, being a wood species easy to work.
On the other hand, the structural properties of poplar, like porosity and permeability, made it an ideal
material in this research whose main objective was to study the flow of consolidants through the
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wooden structure in terms of distribution and consolidant retention. Finally, the susceptibility of
poplar wood to microbiological attack, often posing serious problems of loss of structural integrity,
cohesion and mechanical resistance, are several other aspects to be analysed in the current research, its
natural low durability having a direct influence upon the faith of artefacts.
Before applying any immersion treatment, the wooden samples were sanded on all surfaces with H240
sandpaper grit and conditioned at 20°C and RH= 55% until constant weight, these being in fact the
ambient conditions that wooden objects are usually kept in.
2.3. Consolidation treatments
In the present study, two types of cold immersion treatments were used: total immersion and vertical
immersion. The wooden samples were immersed for different periods of time: 15- 30- 60 -120
minutes; for each treatment a batch of 5 wood test pieces was used. Moreover, during the immersion
treatments the samples were kept in airtight boxes to prevent solvent evaporation.
For the total immersion treatments special devices were manufactured to prevent samples from
floating and to ensure permanent contact of all the surfaces to the consolidation liquid. The samples
were fixed in the device in vertical position (Fig. 1), placed in glass vessels and covered in solution
entirely (the consolidant solution exceeding the samples with one centimetre). After the treatment, the
samples were air dried in the laboratory for two days and then conditioned in a climatic chamber, T =
20°C and RH= 55%, until constant weight.

Fig. 1. Immersion treatments: the wooden samples fixed into the device, vertical immersion.
The second applied treatment, called vertical immersion, was meant to test a new consolidation
method for immersion treatments in terms of impregnation efficiency. This procedure was used by
Kucerova and Ohlidalova in 2009 to monitor the penetration of acrylic consolidants into wood, but it
may also prove a valuable technique of immersion in conservation practice. During this treatment, the
samples were fixed in the manufactured device in vertical position and placed in glass vessels into
which the consolidant solution was then added so that only 5 mm from the bottom side of the samples
was immersed into the liquid.
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2.4. Characterisation and experimental testing
After the two immersion treatments, the samples were conditioned and weighed periodically until
reaching constant weight, the weight percentage gain (WPG %) resulted from the consolidant retention
being computed at this point.
The characteristics of the consolidants and of the consolidated samples (the uniformity of distribution)
were reflected by means of electron microscopy SEM. For the SEM observations, small examination
samples were prepared as follows. The treated samples were first immersed entirely into water for two
days, the transversal surface straightened by a microtome and then small pieces of approximately
3x3x3 mm on the three fundamental directions (longitudinal, radial, tangential) were cut. These small
samples were dehydrated by gradual drying at temperature progressively increasing from 20°C up to
60°C in an electric oven and then mounted on metal bases. Finally, the mounted samples were
metallised and kept in proper storage conditions for further SEM examination.

3. EXPERIMENTAL RESULTS AND DISCUSSIONS
3.1. Samples experimental testing
The treatment of poplar test pieces by total immersion with the consolidation products employed C1
and C2 resulted in a weight increase as reflected by the weight percentage gain values. In the case of
Paraloid B72 10% in toluene (C1) the samples gain less in weight (0,85-1,24 %) than in the case of
Paraloid B7210% in mixture of ethanol and acetone 1/1 (C 2), where the values ranged between 1,09%
and 1,81% (Fig. 2).

WPG, %

C1=Paraloid B72 10 % in toluene, total immersion
C2=Paraloid B72 10% in ethanol and acetone, total immersion

Time, min

Fig. 2. Comparative date of the weight percentage gain of poplar samples treated by total immersion in
the two consolidation products C1 and C2.
In the case of vertical immersion, the same phenomenon occurs, the samples gaining much more in
weight when immersed in the C2 consolidant, with values between 3,16-5,54 %, whilst samples
treated in consolidant C1 gained less, the WPG values ranging between 1,52% and 2,88% (Fig. 3).
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WPG, %

C1=Paraloid B72 10% in toluene, vertical immersion
C2=Paraloid B72 10% in ethanol and acetone, vertical immersion

Time, min

Fig. 3. Comparative data of the weight percentage gain of poplar samples treated by vertical
immersion in the two consolidation products C1 and C2.
This higher absorption obtained with the C2 consolidant may be the result of the influence of polar
solvents (mixture ethanol-acetone), similar results being noticed by other researchers (Schniewind and
Wang 1985, Timar et al. 2010).
On the other hand, differences of weight gain are also noticed between the two treating procedures: the
samples treated with C1 by total immersion gain less in weight (0,85-1,24 %) than those consolidated
in the same product by vertical immersion (1,52-2,88 %). Similarly, the test pieces immersed totally in
C2 solution had a weight gain between 1,09-1,81%, while during the vertical immersion the
consolidant retention was higher 3,16-5,54% (Fig. 4).

C1=Paraloid B72 10% in toulene, total immersion

WPG, %

C1=Paraloid B72 10% in toluene, vertical immersion

Time, min

Fig. 4. Comparative data of the weight percentage gain of poplar samples treated by total immersion
and vertical immersion in the consolidation product C1.
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C2=Paraloid B72 10% in ethanol and acetone, total immersion

WPG, %

C2=Paraloid B72 10% in ethanol and acetone, vertical immersion

Time, min

Fig. 5. Comparative data of the weight percentage gain of poplar samples treated by total immersion
and vertical immersion in the consolidation product C2.
As a conclusion to this point, the experimental results reflect that the vertical immersion is more
efficient than total immersion in terms of weight percentage gain, a target of all consolidation
treatments. The efficiency of such a treatment is even supported by the conservation practice,
conservators and restorers consolidating fragile and degraded wooden objects by injecting the
consolidant along the grain (in longitudinal direction). Moreover, ever better results should be
obtained when using polar solvents such as ethanol and acetone.
3.2. Microscopic characterisation
The microscopic analysis concerning the efficiency of the consolidation treatments in terms of
consolidant distribution was performed on a SEM microscope model VEGA II LSH. The investigation
was undertaken by comparison between a control group of untreated poplar samples in all three grain
directions (Fig. 6) and groups of consolidated samples by total and vertical immersion (Fig. 7- Fig.11).
The consolidated samples by total immersion were investigated on all three directions while the test
pieces consolidated by vertical immersion were finally analysed on their cross-section, this section
characterising best the efficiency of the treatment. In addition, the investigation of cross-sections was
also meant to somewhat characterise the penetration depth of the consolidants during the vertical
immersion treatment. In this respect, both cross-sections, the bottom cross-section soaked in the liquid
and the upper cross-section, were analysed by electron microscopy. The presence of the consolidant on
the upper cross-sections which were not soaked in the consolidant confirmed its penetration. A better
penetration was noticed after the 2 h vertical immersion treatment (the amount of the consolidant was
greater) than in the case of the 1 h vertical immersion treatment.
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a.

b.

c.

Fig. 6. SEM micrographs of control (untreated) poplar samples, magnification 500X:
a. Cross-section; b: tangential section; c. radial section.
An expected effect of the consolidation treatment is the filing of voids so that this particular aspect
was a relevant property investigated for characterising the efficiency of consolidants. The investigated
sections (Fig. 7) outlined the path ways of the consolidant through the wooden structure: the main
anatomical elements being the vessels and rays, as well as the interconnecting pits, observations
confirmed by previous research regarding the distribution of consolidants (Schniewind and Eastman
1994, Timar et al. 2010).
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a.

b.

c.

Fig. 7. SEM micrographs of consolidated pieces by total immersion in Paraloid B72 in ethanol and
acetone mixture, for 30 min, consolidant (C2), magnification 500X:
a. Cross-section: the consolidant is visible through vessels and fibres as bubbles;
b. Tangential section: the consolidant deposition is confirmed by the white spots in the pits;
c. Radial section: the consolidant deposition in ray / vessels interconnecting pits.
The microscopic analysis of the total immersion treatments (a batch of 5 samples) led to the
conclusion that the most relevant section that outlines the distribution of the consolidation products is
the cross-section. Accordingly, for the vertical immersion treatments were analysed only those
sections (Fig. 8-11), respectively two cross-sections for each sample.
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a.

b.

Fig. 8. SEM micrographs of consolidated samples by vertical immersion with Paraloid B72
10% in toluene (C1) for 1 h, 1000X:
a. Cross-section 1: soaked in the consolidation product;
b.

Cross-section 2: the upper section not soaked in the consolidant, consolidant deposits
visible.

a.

b.

Fig. 9. SEM micrographs of consolidated samples by vertical immersion with Paraloid B72
10% in toluene (C1) for 2 h, 1000X:
a. Cross-section 1: the section soaked in the product;
b. Cross-section 2: the upper section not soaked in the consolidant, consolidant deposits
clearly visible.
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a.

b.

Fig. 10. SEM micrographs of consolidated samples by vertical immersion with Paraloid B72
10% in ethanol and acetone (C2) for 1 h, 1000X:
a. Cross-section 1: the section soaked in the product;
b. Cross-section 2: the upper section not soaked in the consolidant.

a.

b.

Fig. 11. SEM micrographs of consolidated samples by vertical immersion with Paraloid B72
10% in ethanol and acetone (C2) for 2 h, 1000X:
a. Cross-section 1: the section soaked in the product;
a. Cross-section 2: the upper section not soaked in the consolidant, consolidant deposits into
vessels and fibres; some of the vessels lumena are completely filled.
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The deposited consolidant is clearly visible after each treatment as either spots (bubbles) lighter in
colour than the wooden support (Fig. 7-10) or as reflective deposits that fill the lumena (Fig. 11). The
SEM analysis of all the sections suggested an uneven distribution of consolidants into the wooden
structure, no obvious regular pattern being noticed, except the fact that a better penetration occurred
on the longitudinal direction via fibres and vessels. A better filling of pores seems to be achieved by
vertical immersion than by total immersion treatments (see Fig. 8-11 compared to Fig. 7). On the other
hand, no visible difference concerning the influence of the solvent type on the consolidant distribution
could be noticed, though the degree of lumena filling seems to be higher in the case of polar ethanolacetone mixture, than in the case of toluene, supporting the quantitative data referring to consolidant
retention (WPG values). However, a completely uniform treatment (distribution) and a total filling
lumena seem not to be possible by immersion with Paraloid B72 solutions, as also concluded by
Schniewind and Eastman (1994).
Last but not least, all the analysed micrographs of the consolidated samples revealed a current
phenomenon that takes place during consolidation treatments with soluble resins: the migration of the
consolidant during solvent evaporation towards the surface of the sample. This phenomenon, however,
apparently unfortunate, may render opportune properties to the consolidated object. The migration to
the surface of the consolidant may give better mechanical and physical strengths, better dimensional
stability of the object, and ultimately, but of prime importance in conservation practice, reversibility,
as also concluded by Schniewind and Eastman (1994).
4. CONCLUSION
As an overall conclusion, the weight percentage gain as well as the microscopic analysis may be
considered performance indicators in consolidation treatments of old wooden objects with soluble
resins and with other newly developed consolidation products. According to the results of the current
research, the optimum concentration of the consolidant Paraloid B72 is 10%, the most effective
treatment is by vertical immersion and the most proper solvent for wooden supports is the mixture of
ethanol and alcohol 1/1.
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Moscow Region, Russia. E-mail: korzhov@issp.ac.ru

Abstract
Multilayered nanostructure composites of Cu/Fe, Cu/Nb, and Cu/(Nb/NbTi) with an 10 nm the
average thickness of individual layers mechanical and superconducting properties which are
implemented immediately after rolling, and micro- and nanostructure composites of Ni/Al, Ti/Ni, and
(Cu/Nb)/Cu12Sn functional properties which, in contrast to the first, are manifested after rolling and
heat treatment were investigated. Composites of (Cu/Nb)/Cu12Sn in final form were a multilayer tape
of superconducting compound Nb3Sn. Welding of stacks carried by heat treatment under pressure and
rolling mill in a vacuum with heating to 900-950C and large (30%) compression in a single pass.
The microstructure was investigated by scanning electron microscopy and X-ray analysis. For
superconducting composites critical current density and upper critical magnetic field were measured.
Shown that the pinning of superconducting vortices in alloys of NbTi are occurred at interlayer NbNbTi boundaries. Change in hardness and strength of multilayer composites under rolling
deformation is described by the expression of the Hall-Petch relationship, in which instead of the
grain size appeared thick of layers.
Key words: multilayered composite, micro- and nanostructure, NbTi alloy, superconducting
compound, rolling, heat treatment, the superconducting properties, hardness, strength,
superconducting vortices, the Hall-Petch expression.
1. INTRODUCTION
Using the methods of intense plastic deformation (IPD) allows to obtain metals and alloys of ultra
fine-grained structure with grain sizes in sub microcrystalline (0.1-1 µm) range and of a
nanocrystalline structure with the dimensions of the structural elements 100 nm.
Kind of IPD is a multiple rolling of multilayer packages [1, 2]. In the first cycle a package can be
assembled from the foils of one, two or more dissimilar metals, in the second cycle – from multilayer
foils after first cycle, in the third cycle – from even more multilayered foils after the second cycle, etc.
(Fig. 1). By this technique, each individual foil experienced at the rolling a huge total strain. In
practice, to deform a separate foil of the thickness of 0.3-0.4 mm to a thickness of 10 nm will last three
cycles. If in the nanocrystalline materials, obtained by methods of the SPD, the structural nanometersized elements were grains, then in the nanostructure composites such elements were separate layers.
The condition for a success in the multiple rolling of packages were a strong connection of foils,
caused by a phenomenon of “a grasping”, which occurs as the result of a formation in a process of the
rolling metallic bonds between atoms of contacting physically clean, so-called juvenile, surfaces when
they approach each other at a distance of the interatomic forces. The ability of metals to the grasping is
a physical property of the juvenile surfaces and depends on their nature. In ideal conditions, the
grasping is a thermodynamically favorable process and should be done spontaneously. Under the ideal
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conditions implied a convergence of the atomically smooth surfaces, free of oxide and adsorbed films,
at a distance equal to the sum of radii of neighboring metals. In the package rolling is just the
deformation of metal foils, providing the appearance of juvenile surfaces, their approach and increase
the actual area of the clutch.

Fig. 1. The scheme of one production cycle in the technology of multilayer composites
An essential role for the setting plays a preparation of the contacting surfaces, which consisted of
carefully removing from them oil and grease films. This was achieved by the chemical etching
followed by a lengthy "rinsing" in running water. Washing was used as in an alcohol, less in an
acetone. Useful procedure before building of the package was the vacuum annealing of foils at
moderate temperatures, if along with the cleaning of the surface improved and their plasticity. For the
grasping of the foils was positive to machine of their surfaces with wire brush, metal brushes, and then
roughen the surface. Moreover, the training of surfaces, it is recommended not to do beforehand, and
just before the vacuum rolling.
By the reusable multiple rolling got the multilayer nanostructure composites with an average thickness
of individual layers of t  10 nm. In these materials, t is a parameter that determines the mechanical
properties of the material, since it affects on the path length of dislocations in the active slip systems.
In addition, the thickness of the layer affects on the ratio of the interface surface to the volume of the
phases, which plays a crucial role in the restructuring process during a heating. In this sense the rolling
of multilayer packages is fairly simple method of controlled preparation of the artificial nanostructure
objects for a scientific research.
A work with nanostructure composites pursued the following goals. First, the composites were of
interest already in that form of what they were got. Thus, in [3] the film laminated composite Mo/W
50 µm thick, consisting of Mo- and W-layers are the thickness of 4 nm, obtained by CVD-method has
the hardness and the tensile strength 15 times higher than similar characteristics of the monolithic
alloy. In [4], multi-layered composite of Cu/Nb with 32 000 layers of copper and niobium thickness
of 11 nm, obtained by rolling over three cycles, had a Brinell hardness equal 350HB. High hardness of
the material consisting of the plastic metals in line the hardness of average-carbon steel.
Secondly, the nanostructure composites consisting of two or more metals are interested as a starting
material for obtaining the alloys with predictable functional properties through controlled a heat
treatment. Diffusion processes between the layers, contacting the juvenile surfaces have very different
the temperature and time regimes than the interdiffusion that takes place in normal conditions. Grain
boundaries and interfaces in materials with submicro- and nanocrystalline structures so full of
dislocations, that the coefficient of grain boundary diffusion is many orders of magnitude greater than
the coefficient of bulk diffusion. In such artificial nanostructure elements can expect unexpected
results. An example of such composites can be laminated composites of Ti/Ni and Ti/Nb with different
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volume content of components, of which, after an appropriate treatment can be obtained alloys of
different composition.
The third possibility to use of nanostructure multilayer composites was to obtain pseudo alloys
representing plastic matrix reinforced with intermetallic layers. These structures can be obtained by
the annealing of the composites consisting of layers of metals capable of the forming one with another
chemical compound. Examples of such systems are the systems of nickel and niobium with aluminum.
Such has been realized in our earlier work to obtain the superconducting compound Nb 3Al in
multilayer tapes Nb/Al [5].
And finally, the fourth – is to get a multi-layer micro- and nanostructure composites from a single
metal or alloy.
Diffusion welding under pressure gave a rise to the method of producing such multilayer composite
materials, which are not required to deform by the rolling or when they could not be deformed. These
materials can be flat and fairly thick, but at the same time, consist of multiple layers of dissimilar
metals of micro- and nanoscale thickness. Moreover, if the metals can form among themselves, with
appropriate heat treatment of alloys and chemical compounds, then, as the multilayer tape composites
of thin sections, you can get the laminates composed of alternating layers of relatively ductile alloy
and strong intermetallic component. Such possibilities of the diffusion welding under the pressure are
exemplified by the composites consisting of Ni- and Al-layers of micron thick.
2. MULTILAYERED COMPOSITE TAPES WITH SUPERCONDUCTING ALLOYS NbTi
2.1. Theoretical background
Mixed state of the 2-nd kind superconductors is characterized by a partial penetration of an external
magnetic field H in the sample in the form of quantum vortex filaments. Each such thread has a
normal core of the radius of the order of the coherence length , extending along direction of H,
around which undeceiving superconducting current flows oriented so that it produced a magnetic field
was directed along the normal core and the same direction as the external field. The eddy current
excite a field of the radius of the order of the penetration depth of the magnetic field , which can
significantly exceed .
If in this state through the superconductor perpendicular to the superconducting vortex filaments pass
an electric current, and then the thread will start to operate the Lorentz force. In the superconductors
without structural defects at arbitrarily small Lorentz force vortex lines would start to move, which
would generate heat and superconductivity would collapse. But in the real world the superconductors,
like any other metal, contain various structural defects, in which threads can pin. Now for the start of
their movement is required is a finite current, which creates a Lorentz force, which will be sufficient
for the separation of the vortex filaments from defects. This current is called the critical current Ic, and
its density – the critical current density jc. It can greatly vary as a result of thermal and mechanical
processing. Please be aware that not all defects are able to effectively interact with the vortex
filaments. Jobs, single impurity atoms, and similar "minor" defects are ineffective, as their typical size
is much smaller than the characteristic size of the thread – the coherence length . On the contrary, the
structural defects with dimensions of order and more  are very effective centers of engagement
(pinning) of the vortex filaments and can provide the large critical current density in the
superconductor jc [6]. Defects in the normal state are more efficient than the superconducting defects.
[7].
V. V. Schmidt [6] theoretically examined the interaction of vortex filaments with the flat surface of the
2-nd kind superconductor and showed that even a defect-free wafer of the superconductor of thickness
d ≫  in the mixed state can carry substantial superconducting current of about 105 A/cm2. Imagine
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that a massive thick superconducting plate is replaced by a set of thin superconducting plates,
artificially separated by a dielectric layer or a normal metal. Now the current can flow through each of
these plates (each time in a layer  around the edges of the plates), and in general over the section of
the composite superconductor will go a lot of current.
A similar situation has been realized in multilayer composites of Cu/Nb in which layers of niobium
being the 2-nd kind superconductor, separated by the non-superconducting layers copper. It was found
that the ratio of jc in the case when the magnetic field was parallel to the plane of the tape to jc for the
perpendicular orientation of the field and the plane of the tape in fields of 0.5-0.6 T was equal to 410
[4]. Such the large anisotropy of the critical current density was indicative of vortex pinning by
extended planar boundaries of the copper-niobium.
2.2. Preparation and characterization of nanostructure composite tapes based on superconducting
NbTi alloys
Next objects of study are multilayered tapes, in which the superconducting layers were made of
wrought alloys Nb-30, 31 and 50%Ti (wt.%), but as a normal layers – layers of niobium [8]. What
niobium itself is a superconductor of 2-nd kind, did not prevent him to perform the role of a normal
metal, and since the critical current measurements performed in magnetic fields is many times greater
than its second critical field. Composites contained from 1200 to 29000 layers of niobium and alloy
NbTi. When the thickness of the ribbon equaled 0.3 mm thickness of the layers varied from 140 to
10 nm respectively.
In the composites of Cu/Nb/Nb50Ti through equal number of layers of an alloy and of niobium
arranged layers of copper. Their number, counting the two outer layers, is 16. The thickness of the Culayers is ~ 9.7 microns (Table 1). A thickness of the layers of niobium and the alloy were the same.
Composites of Cu(Nb/Nb31Ti) distinguished by the fact that there were only two outer Cu-layer of the
thickness of ~ 9 m and thickness of layers of niobium, as compared with the layers of the alloy, was
1.5 times less than the thickness of the alloy. Was produced by five variants of the composites with an
alloy of 50 and 31% titanium, characterized by the quantity and, consequently, thick of niobium and
NbTi layers. The table shows the calculated thickness of the layers. According to the data transmission
electron microscopy (TEM), it is well consistent with the average values of measured thicknesses (Fig.
2). Samples for TEM were prepared by an original technique. With the end of the bundle of several the
tape strips was placed a slice of thickness of 1 mm, which was subjected to thinning.
Table 1. The number and the thickness of the Nb- and NbTi-layers in the multilayered composite tapes
Variant
number

Number of layers, pieces
niobium

alloy

copper

Estimated layer thickness, nm
niobium

alloy

FC*

copper

A series of composites with layers of Nb-50%Ti alloy
1

675

540

16

119,5

119,5

9680

0,215

2

990

825

16

80,0

80,0

9680

0,220

3

1800

1575

16

57,3

57,3

9680

0,223

4

2850

2565

16

26,8

26,8

9680

0,229

5

7440

6975

16

10,1

10,1

9680

0,234

A series of composites with layers of Nb-31%Ti alloy
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1

1395

1116

2

90.9

137.6

9100

0.473

2

2046

1705

2

61.2

91.8

9100

0.523

3

2730

2340

2

43.8

67.2

9400

0.523

4

5700

5130

2

20.9

31.2

9400

0.533

5

14880

13950

2

7.9

11.8

9400

0.550

*Coefficient of filling
Composite tapes were prepared by the three-cycle rolling [1, 2]. Each cycle includes the assembly of
multilayer package, hot rolling of the package and rolling it at room temperature. In the first cycle a
package was assembled from the foils of niobium and the alloy. To obtain a set of the composite tapes
with different thickness of individual layers, for each of the variants of the original tape, amounts of
the foils of niobium and the alloy were varied. For example, for a composite of Cu/Nb/Nb50Ti with
the minimum number of layers (Nb – 675, alloy – 540), and, therefore, with their maximum thickness,
the number of Nb-foils was 5, the number of foils of the alloy – 4. For the tape with a maximum
number of layers (Nb – 7440, alloy – 6975) and a minimum their thickness, the initial amount of Nbfoils is 16, the number of foils of an alloy – 15. In the second cycle of the package consisted of 9 (for
the first variant) and 31 (for the latest variant) is already multi-layered foil thickness 0.3 mm, obtained
after the first cycle and in the third cycle – from 15 more multilayered foils after the second cycle and
16 Cu foil. Copper was introduced as a stabilizer, by analogy with the traditional multi-core
superconducting cables. Composite of Cu(Nb/Nb31Ti) with the maximum number of layers
additionally rolled to a thickness of 0.15 and 0.075 mm, and then the thickness of the layers of
niobium and the alloy becomes equal 5 and 2.5 nm respectively.
2.3. The microstructure of composite tapes
Fig. 3a shows the microstructure of the cross-section of one of the above composites Cu(Nb/Nb31Ti),
which contained 2730 Nb-layers and 2340 layers of Nb-31%Ti alloy (see Table 1). The investigated
section is located along the rolling direction. According to scanning electron microscopy, the layers of
niobium looked bright stripes, layers of alloy – dark. It also shows the microstructure of the cross
section of composite Cu/Nb/Nb50Ti tape with inner Cu-layers after a 2-nd and 3-rd cycles of rolling,
respectively. This composite is specially made to study the effect of heat treatment for an
interdiffusion between the layers. In the 1-st cycle of the package was contained the six foils of
niobium and 5 the foils of the Nb-50%Ti alloy. The thickness of them was different. In the 2-nd cycle
11 such multilayer foils is left up foils of copper (Fig. 3b). The layers of alloy look dark stripes. Light
relief to the allocated bandwidth – it's the layers of copper, niobium layers looked thin light strips.
After the third cycle of rolling the microstructure of the multilayer tape is shown in Fig. 3c. In total it
contains 605 layers of alloy, 726 layers of niobium and 121 layer of copper, of which 11 layers were
thicker than all other copper layers.
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Fig. 2. Data of transmission electron microscopy. The microstructure of composite Cu(Nb/Nb31Ti)
tape of 5-th variant (see Table 1) (a) and Cu(Nb/Nb30Ti) tape
contained 29700 Nb- and NbTi-layers (b), of thickness of 0.3 mm

Fig. 3. The microstructure of the cross-section of composite tapes: a – Cu(Nb/Nb31Ti), variant 3 (see
Table 1); b and c – a composite of Cu/Nb/Nb50Ti with internal layers of copper after a 2-nd and 3-rd
cycles of the rolling respectively
In the composites with internal Cu-layers the layers of niobium, except that they formed interlayer
boundaries of Nb-NbTi, sang the role of diffusion barriers to prevent the diffusion of copper to
titanium in the alloy and the diffusion of titanium from the alloy to copper. True, this applies only to
the Nb-layers, which are in contact with layers of copper.
2.4. The critical current density
Measurements of the critical current Ic was carried out at liquid helium temperature of 4.2 K in
external magnetic field H up to 7 T by a superconducting solenoid. Ic values were determined from
current-voltage characteristics (CVC), each of which was filmed at a fixed value of H (Fig. 4). For the
value of Ic was assumed current at which the voltage drop was equal to 0.5 V/mm. The critical
current density jc was calculated for all section of the sample. The plane rolled composite tape was
oriented parallel (Fig. 5a) and perpendicular (Fig. 5b) the direction of H, and the flow of transport
current in both cases it was perpendicular to H.
In magnetic fields above 1-1.5 T Nb-layers, because of the small second critical magnetic field of
niobium Hc2, must become no superconducting. As stated above, inside a 2-nd kind superconductor, in
the mixed state, magnetic field H penetrates in the form of vortex filaments. When passing through the
conductor transport current I on the vortices begins to act, the Lorentz force L. This force would move
the vortices and superconductivity would collapse, but in the case of parallel orientation of the
magnetic field and the rolling plane of the composite (Fig. 5c), they have the opportunity to pin on the
boundaries of Nb-NbTi. The figure shows in the form of vertical rods, the boundary of Nb-NbTi are
gray in color. For the perpendicular orientation (Fig. 5d) the vortices are not able to pin in the
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Voltage, V

interlayer boundaries. In real situation in the explorer there are always other structural defects, for
which the vortices can pin, so that the critical current and the second case does not equal zero. The
question is how much is effectively pinning.

Current, A

Fig. 4. CVC of Cu/Nb/Nb50Ti-tapes with 14 internal and 2 external Cu-layers in fields 3, 4, 5 and
6 T. The number of Nb- and NbTi-layers – 990 and 825, respectively. The thickness of layers – 80 nm
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Fig. 5. Schematic representation of the orientation of the composite sample in a superconducting
solenoid with respect to the magnetic field H and the location of the vortex filaments in the NbTilayerthickness t: a and b – H is parallel to, c and d – H perpendicular to the plane of the composite
Fig. 6 shows the typical dependence of the critical current density jc of the magnetic field H for
samples of laminated Cu(Nb/Nb30Ti)-composite thickness of 0.15 mm, subjected to different thermo
mechanical processing. Composite contained 15300 Nb-layers of 3.5 nm thick and 14400 alloy
layers of 5.5 nm thick. The upper group of curves jc(H) refers to a sample in which the critical
current was measured when the plane of the composite and the direction of the magnetic field were
parallel and belonged to the perpendicular orientation of the magnetic field to the plane of the
composite.
It is seen that the values of jc in each of these groups differ on the order of in the fields 5-6.5 T and
more than an order of magnitude – in the field 7 T. This is indicative of the pinning of
superconducting vortices in the interlayer boundaries of Nb-NbTi.
More convincing evidence of effective pinning of the vortices at the boundaries between layers of
niobium and alloy is the anisotropy of the critical current density. It is the ratio of the critical current
density measured at the parallel orientation of rolling plane of the composite to the field jc||, to the
current density measured on the same sample, but at the perpendicular orientation jc: jc||/jc.
Anisotropy as a function of the thickness of the NbTi-layer t for two sets of composites, each of which
contained five composites of Cu/Nb/Nb50Ti and Cu(Nb/Nb31Ti), respectively (see Table 1), is shown
in Fig. 7. When the thickness of the NbTi-layer was fallen anisotropy increased c 3-5 for composites
with t, equal to 138 nm, up to 11-20 for the ribbons, rolled to 0.15 mm, with t of about 5.5 nm. The
largest anisotropy for this family of composites, which is equal to 235, was achieved in the ribbons
thickness of 0.075 mm with t 3 nm.
Qualitative change in the efficiency of the pinning of superconducting vortices on the interlayer
boundaries of Nb-NbTi occurred at the layer thickness equal 10 nm.
The anisotropy is strongly dependent on the magnetic field strength. It's easy to see, if we again turn to
Fig. 6. Its value varies from 7-17 at 5-6 T to 100-450 at 7 T.

Fig. 6. Dependence of jc on H for the composite of Cu(Nb/Nb30Ti): 1 and 2 – after the cold
deformation (c. d.); 3 and 4 – c. d. + annealing at 600°C for 5 h; 5 and 6 – c. d. + 600°C for 5 h +
250C for 295 h; 7 and 8 – c. d. + 250C for 295 h. For the upper group of curves H is parallel to the
rolling plane, for the lower group of curves of H is perpendicular to the rolling plane
Fig. 7. Anisotropy of the critical current density on the calculated thickness of the NbTi-layer for
composites of Cu(Nb/Nb31Ti) and Cu/Nb/Nb50Ti directly after rolling and after rolling and
annealing at 360C for 3 h and 400°C for 3 h in a field 6 T
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2.5. Degradation of the second critical magnetic field
If we compare the dependences of the critical current density of the magnetic field jc(H) for the
composite tapes with NbTi-layers of varying thickness (Fig. 8), we can see that jc of composites with
NbTi-layers 12 nm in the magnetic fields above 6 T drops sharply. In many cases, it became even
smaller than jc of the composites with layers of 80-120 nm thickness, while that in idles above 6 T the
ratio of the critical current density was an order of magnitude or more in their favor. Such a course of
the jc(H) is characteristic, if the external magnetic field H close to the second critical magnetic field of
the measured sample. Therefore, experiments were undertaken to measure Hc2 of Cu(Nb/Nb31Ti)composites containing the minimum and maximum number of layers of the alloy.
The second critical magnetic field Hc2 was determined from measurements of Hc2 near the critical
temperature [9]. Constructed dependence Hc2(T), a straight line near Tc, and calculate the slope
(dHc2/dT)T=Tc. Hc2(0 K) = 0,69Tc(-dHc2/dT)T=Tc, Hc2(4.2 K) was 95% of the Hc2(0 K). The
experiment consisted of measuring the temperature of the superconducting transition at fixed magnetic
field of superconducting solenoid. The transition temperature was measured by resistive method. The
results of these measurements are shown in Fig. 9. It is seen that with increasing magnetic field the
superconducting transition curve shifted toward lower temperatures. After the determining of the
temperature of the superconducting transition Hc2(T) dependents were constructed (Fig. 10). By
analogy with the measurements of the critical current Hc2 measured at the parallel (1) and the
perpendicular (2) orientations of the rolling plane of the composite and the magnetic field. Directs
Hc2(T) out of one point. But for the Cu(Nb/Nb31Ti)-composite, containing layers of the alloy
minimum (11.8 nm) thickness, the slope of Hc2(T)-dependent in the case of perpendicular orientation
of the rolling plane of the composite and the direction of H was significantly lower than for parallel
orientation (see Fig. 10b). Hence and Hc2(4.2 K) in this case will be lower than in the case when the
plane of the composite and H are parallel. Hc2(T)-directs of the composite with alloy layers of
maximum (137.6 nm) the thickness are parallel (see Fig. 10a). Therefore, and Hc2(4.2 K) will differ
slightly.

Fig. 8. The jc(H) of Cu(Nb/Nb31Ti)-composite: a and b – the thickness of the niobium and the alloy
layers are equal 91 and 138 nm, 8 and 12 nm respectively
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Fig. 9. The superconducting transition curves for the Cu(Nb/Nb31Ti) composite in a magnetic field 0,
0.5, 1, 1.5, 2, 2.5 and 3 T (right to left) for the perpendicular orientation of the rolling plane to
direction of H. Annealing: 360C for 3 h
Fig. 10. Dependence Hc2(T) for Cu(Nb/Nb31Ti)-composites 1-st (a) and 5-th (b) variants (see Table
1.) for the parallel (1) and perpendicular (2) orientation of the rolling plane of the composite to the
direction of the magnetic field. Annealing: 360C for 3 h
The final results of the Hc2 measurements are summarized in Table 2. For comparison, the results of
similar measurements of Hc2 were submitted for a regular ("single layer") tape of the Nb-31%Ti-alloy,
as well as for the Cu(Nb31Ti/Nb31Ti)-composite thickness of 9.6 nm, in which all layers are made of
Nb-31%Ti-alloy but their number is equal to 27791 what roughly corresponded to the total number of
layers of niobium and the alloy in the composite of Cu(Nb/Nb31Ti).
For a composite tape that contains the highest number of layers, Hc2 at the measurements, where the
rolling plane parallel to the H, significantly less (11.8 T) than for the "single layer" tape from the alloy
of Nb-31%Ti (14.8 T). The annealing at 360C, with the result which in the alloy layers was separated
-phase, almost didt effected on Hc2 (11.5 T). The value of Hc2(4.2 K) of the composite thick layers
on the order of magnitude greater at the same orientation of the rolling plane to H was 14.2 T, which
almost coincided with the Hc2 of conventional NbTi-tape. Greater decrease of Hc2 observed in the case
of perpendicular orientation of the rolling plane to H – up to 13.8 and 9.7 T for the composites with
the lowest and highest number of layers, respectively.
In the composite of Cu/Nb31Ti/Nb31Ti the pinning of vortex filaments in parallel orientation of the
rolling plane and H occurred at the interlaminar boundaries "superconductor-superconductor”. The
critical current density of such tapes in magnetic fields of 6.5 T (Fig. 11) was an order of magnitude
smaller than in the ribbons with Nb-layers (see Fig. 8b). But a sharp drop in jc from 6.5 T was not
observed. This tape had parallel lines Hc2(T) for both orientations of the ribbon plane on the field (Fig.
12a) and, consequently, the same slope value (-dHc2/dT)T=Tc (2.36-2.39 Т/К) and Нс2(4,2 К) (15.3-15.4
Т), close to the values of the same parameters as "single layer» NbTi-tape.
For comparison, Fig. 12b shows the dependence of Hc2(T) for bulk sample of the tape thickness of 0.3
mm of the Nb-31%Ti-alloy. It is evident that the Hc2(T)-direct completely coincided, Hc2 equals  15
T and does not depend on the orientation of the sample in an external magnetic field.
The behavior of the composites in an external magnetic field differs from that of bulk
superconductors. The results can be explained by the proximity effect, whereby Nb-layers reduce the
Hc2 of NbTi-layers on the depth of the order of the coherence length (T) = (o/2 Hc2)1/2 [6], where
o – magnetic flux quantum. At Hc2 = 11 T (T)  5 nm. It is that the thickness of the layer below
which Hc2 of NbTi-alloy should decrease. Decrease in Hc2 explains a sharp drop of jc in fields 6.5 T
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with its overall high values in excess of a 105 A/cm2 in the field of 5 T, if count jc on a section of the
superconductor.
Table 2. The results of measurements of Hc2 near Tc
Characterization
of sample

(-dHc2/dT)T=Tc , T/K

Нс2(4.2 К), Т

Н  rolling

Н || rolling

Н  rolling

Н || rolling

plane

plane

plane

plane

1-st variant,
Cu(Nb/Nb31Ti),

2.17

2.21

13.8

14.2

1.50

1.82

9.7

11.8

1.46

1.78

9.4

11.5

2.34

2.27

15.2

14.8

2.39

2.36

15.4

15.3

360С for 2 h
5-th variant,
Cu(Nb/Nb31Ti),
without annealing
5-th variant,
Cu(Nb/Nb31Ti),
360С for 3 h
Tape of Nb-31%Tialloy thickness of 0.3
mm, without
annealing
5-th variant
Cu(Nb31Ti/Nb31Ti)
300С for 2 h

Fig. 11. Dependence jc(H) for the composite tape, containing no Nb-layers, at the perpendicular (1)
and parallel (2 and 3) the orientations of the rolling plane and H in a state of "after rolling" (2) and
“after rolling and annealing" at 300C for 2 h (1 and 3)
Fig. 12. Dependence Hc2(T) for the perpendicular (1) and parallel (2) orientations of the rolling plane
and H for the composite containing no Nb-layers after the cold deformation and annealing at 300C
for 2 h (a) and "monolayer" tape of Nb-31%Ti-alloy (b)
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2.6. Conclusions
1. Method 3-cycle the rolling deformation obtained prototypes of the superconducting multilayer tapes
containing alternating layers of nanometer thickness of niobium and niobium alloys with 30, 31 and
50%Ti. Copper, as a stabilizer, could be present in the composites in the form of the inner layers,
equally spaced multi-layer Nb/NbTi, and the outer layers.
2. Measurements of the critical current of the composites in an external magnetic field for the parallel
and perpendicular orientation of the rolling plane to a direction of H is shown that Nb-layers shaped
interlayer boundaries of “superconductor-normal metal”, which were effective for pinning of the
vortex filaments. This was evidenced by high values of anisotropy of the critical current density for
the alloy layers the of 10 nm thickness. The critical current density, calculated for all section of the
conductor, reaches 105 А/см2 in field of 6.5 T.
3. Measurements of Hc2 near Tc for the composites with layers of Nb-31%Ti alloy showed that Hc2(4.2
K) decreases with decreasing thickness of the layers. For the tape with a layer the thickness of 12 nm,
it was 11.5-11.8 and 9.4-9.7 T, respectively, for parallel and perpendicular orientations of the rolling
plane and H, which was much smaller than the regular tape of an alloy of the same composition. The
results can be explained by the proximity effect, whereby Nb-layers reduced Hc2 of NbTi-layers on the
depth of the order of the coherence length.

3. STRUCTURE AND SUPERCONDUCTING PROPERTIES OF MULTILAYER TAPES
FROM COMPOUND Nb3Sn
Natural continuation of studies of superconducting multilayer composites were tested method of
package rolling to produce the superconducting compound Nb 3Sn, which has practical significance.
But, if in the case of Nb-Ti-alloys superconducting properties were realized in the composites of
Cu(Nb/NbTi) and Cu/Nb/NbTi after deformation, then for the intermetallic compound Nb 3Sn is it
basically impossible, due to its natural brittleness. Therefore, as "bronze technology" as a source of tin
used bronze with 12 wt.% tin. Initially produces the multilayered nanostructure composite of Cu/Nb,
which, together with segments of tape made of bronze was used for the formation of another
composite Cu[(Cu/Nb)/Cu12Sn], as starting material to obtain multilayered tapes based on Nb 3Sn by
the controlled heat treatment.
3.1. The starting materials and their preparation
The starting materials were oxygen-free copper of the grade MOF, niobium of the brand NHP and
bronze of a composition Cu-12 wt.%Sn. To build the multi-package of Cu/Nb used Cu- and Nb-foils
of 45 mm width. Copper foil required thickness obtained by rolling a sheet of 3 mm thick. Niobium in
the initial state was in the form of plates with thickness of 10 mm, which rolled at room temperature to
a thickness of 0.3 mm and cut into strips of 45 mm width. Before assembly into packages the Nb-foils
were annealed in vacuum at 1100C for 1 h.
Bronze in the form of flat ingots of 804010 mm the size were melted in an induction furnace with
a casting into a massive Cu-mold. Ingots are rolled up the tape thickness of 0.3 mm at the room
temperature with annealing or without them, but with pre-heating to 600C.
3.2. Unoptimized superconducting tape based on Nb 3Sn
3.2.1. Obtaining of a composite (Cu/Nb)/Cu12Sn-tape
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Multilayer composite tape of (Cu/Nb)/Cu12Sn with nanometer thick layers of copper and niobium
were produced by the package rolling over three cycles. The first two cycles were used for the
manufacture of the laminated composite tape of Cu/Nb and only in the third cycle were used bronze
foils to build the package.
In the 1-st cycle the package of 40 mm width and 80 mm long was assembled from 16 Cu-foils with
thickness 0.15 mm, alternating with 15 Nb-foils with thickness of 0.3 mm. The package welded by the
rolling on the vacuum mill with a heating to 950C for two passes with the deformation in one pass
30%, and the resulting blank rolled at the room temperature without intermediate annealing to the
tape of 0.3 mm thick. At this stage, the thickness of the Cu- and Nb-layers, respectively, equal to 6.5
and 13 m.
In the 2-nd cycle the package is the 31 segments of the tapes after 1-st cycle and subjected to the same
as in the 1-st cycle, processing by the rolling to a tape of 0.3 mm thickness. Composite of Cu/Nb
contained 496 copper and 465 niobium layers of 210 and 420 nm thick, respectively.
And finally, in the 3-rd cycle a package was assembled from 16 segments of tapes after 2-nd cycle,
alternating with 15 foils of bronze of 0.3 mm thickness, i.e., so that the outer plates of the package
were the laminated segments of Cu/Nb-tape. To prevent the possible formation of Nb 3Sn-compound at
the time of the vacuum rolling the package is rolled in one pass with heating to 750C and the
compression of not less than 35%.
Before packages assembling in a 3-rd cycle segments of the Cu/Nb-composite and bronze annealed to
relieve a work hardening after the deformation. If the HV hardness of the surface a cold deformed foils
of Cu/Nb and bronze was 1.73  0.03 and 2.68  0.07 GPa respectively, then for Cu/Nb after
annealing at 700C for 2 h it decreased to 1.41  0,05 GPa, and for bronze after annealing at 600C for
1 h to 0.82  0.02 GPa.
The ends of the multilayer packages at this stage of technology fastened with rivets.
Package of bronze and the multilayer Cu/Nb-segments of the tape rolled to a thickness of 0.4 mm. At
the final stage the composite of (Cu/Nb)/Cu12Sn contained a total of 7440 Nb-layers of 18 nm
thickness, 7936 Cu-layers (9 nm) and 15 layers of bronze (13 m).
3.2.2. The microstructure of the composite tape before and after heat treatment
Microstructure studies were carried out by scanning electron microscopy using scanning electron
microscope CamScan MV2300 and Vega 2, equipped with detectors of secondary and reflected
electrons and x-ray microanalysis. Shooting in the reflected electrons allows to easily distinguish by
means of a light contrasts the copper, niobium and bronze layers and also the layers containing
superconducting compound of Nb 3Sn, which is formed after an annealing the composite tapes of
(Cu/Nb)/Cu12Sn. Composition of the layers was determined by local X-ray analysis.
The microstructure of cross sections of the composite tapes of Cu/Nb and (Cu/Nb)/Cu12Sn along the
rolling direction is shown in Fig. 13 and 14. After the 1-st cycle Cu/Nb-composite contained 15 layers
of niobium (light strips) and 16 layers of copper (see Fig. 13a). Fig. 13b shows a fragment of the
microstructure of its cross section after a 2-nd cycle, and Fig. 13c and d – the macrostructure of the
finished (Cu/Nb)/Cu12Sn-composite across and along the rolling direction. The composite contained
15 layers of bronze (dark strips) and 16 the multilayer nanostructure interlayers of Cu/Nb-composite.
In the cross section perpendicular to the rolling direction layered structure look more correct than the
longitudinal. Since all the deformation of layers occurs along the rolling direction, the unevenness of
the thickness of the layers in this direction is often reached almost the critical moments when the
interlayer’s of Nb/Ti were on the verge of a break.
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Each of the 16 interlayers of Cu/Nb contained 496 copper and 465 niobium layers of nanometer
thickness. They can be seen in Fig. 14; where at high magnification shows the microstructure of one
randomly selected multi-interlayer of Cu/Nb. Importantly to note well respected laminar structure and
the absence of discontinuities of the individual layers. The thickness of the Nb-layers did not exceed
50 nm, in order of magnitude close to its rated value.

Fig. 13. The microstructure of the cross-section of composite strips along the rolling direction
[a – Cu/Nb, 1-st cycle, b – Cu/Nb, the 2-nd cycle; c – the 3-rd cycle, (Cu/Nb)/Cu12Sn] and across the
rolling direction [d – the 3-rd cycle, (Cu/Nb)/Cu12Sn]
According to X-ray analysis in layers of bronze contain from 12.4 to 12.7 wt% tin, which
corresponded to its nominal composition.
To obtain the superconducting compound of Nb 3Sn (Cu/Nb)/Cu12Sn-tape subjected to a vacuum
annealing at 750C for 5 and 50 h. In the annealing process, due to the reactive diffusion, tin out of
bronze diffuse into the multi-layers of Cu/Nb and formed with a niobium Nb3Sn-compound. At the
site of layers 12%-nt of the first tin bronzes was remained a solid solution of Sn in copper Cu(Sn) with
a significantly lower tin content.

Fig. 14. Microstructure of multilayered Cu/Nb-interlayer in the composite tape of (Cu/Nb)/Cu12Sn.
Inscriptions on the photo indicate the thickness of the randomly selected Nb-layers
Fig. 15. The microstructure of the Nb 3Sn-tapes after annealing at 750C for 5 (a) and 50 h (b)
The results of microstructure studies of annealed composite tapes (Fig. 15) showed that the compound
of Nb3Sn was formed not by the entire volume of multi interlayers of the Cu/Nb-composite. Almost
complete loss of bronze as a source of tin occurs already at the 5-hour exposure. After the annealing
for 50 h have been no changes in the microstructure of cross section, compared with the
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microstructure of the composite after the exposure for 5 h. This is also supported by X-ray analysis. In
a layer of Cu(Sn), the former before the annealing layer 12% of the first bronze, after the 5-hour
heating contain no more than 0.5 wt.%Sn. In addition, the complete absence of tin observed in the
middle field of the multilayer Cu/Nb-layers, which occupies about the one-third part of them.

3.2.3. The critical current density and critical temperature of non-optimized tape-based compound
Nb3Sn
Despite the suboptimal phase composition, the tapes had a high current-carrying capacity. As is the
case with the superconducting tape with nanoscale layers of Nb-Ti alloys, the sample was oriented
such that its plane of rolling (ab) was parallel and perpendicular to the direction of the magnetic field
H, but the current through the sample was always perpendicular to H. The critical current density jc
(Table 3), calculated on the entire cross-section in a magnetic field of 7 T for the perpendicular
orientation of H and the plane of the sample was 1.47·104 and 2.00·104A/cm2 in the ribbons after
annealing for 5 and 50 h respectively. However, if we consider that the superconducting current flows
only in the section where the compound of Nb 3Sn was formed, then the true jc was significantly higher
– 4.53·104 и 6.02·104 A/см2. The parallel orientation of H and the sample plane jc = 3.51·104 and
1.08·105 A/см2, respectively, in the calculation of all cross-section and Cu(Sn)/Nb3Sn (for the tape
after 5 hours of annealing).

Table 3. Superconducting properties of the composite tape of the Nb3Sn
jc , А/сm2
Annealing time

In the calculation of all cross-section

at 750C, h
5
50

In the calculation of Cu(Sn)/Nb3Sncross-section

Tc , K

H ( ׀׀ab)

H  (ab)

H ( ׀׀ab)

H  (ab)

3.51·104

1.47·104

1.08·105

4.53·104

16.65

4

16.89

-

2.00·10

4

-

6.02·10

Anisotropy of the critical current density jc׀׀/jc, where jc||, and jc – jc, respectively, at ׀׀- and  orientations (ab) relative to the direction of the magnetic field was 2.4.
Critical temperature, measured resistive method, was equal to 16.65 K for the tapes after annealing for
5 h and 16.89 K – for the tape after annealing for 50 h.
3.3. The optimum ratio of niobium and tin
The first results showed that the amount of tin, which contained in the bronze layers above mentioned
the composite (Cu/Nb)/Cu12Sn-tape, was insufficient for the formation of Nb 3Sn in the entire volume
of layers of multilayers Cu/Nb. Therefore, to Nb3Sn formed throughout the volume of Cu/Nbinterlayers, the optimum amount of niobium being in Cu/Nb-layers of the tape, must match the amount
of niobium in the compound Nb 3Sn, which can be formed from tin that is in bronze.
By a simple calculation was obtained by the following relationship:

t Nb  N Nb
   CuSn   Nb3Sn
8, 75  12  70,13
 CuSn Sn NbNb

 0, 288 or tNbNNb  0.288tCuSnNCuSn. (1)
3 Sn
tCuSn  N CuSn
100   Nb   Sn
100  8,57  29,87
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Here: t and N – the thickness and the number of layers of niobium and bronze respectively,  - density
of bronze and niobium,  – the concentration of tin in bronze, niobium in Nb 3Sn and tin in Nb3Sn.
Substituting in this expression parameters of the (Cu/Nb)/Cu12Sn-tape, we obtained too an obvious
inequality: 134  56, i. e., construction of the tape is far from optimal. It niobium contained in large
excess compared to the quantity that you need for education of the amount of Nb 3Sn, which is limited
by tin being in bronze.
3.4. The composite (Cu/Nb)/Cu12Sn-tape of optimal design
3.4.1. Getting the tape with an optimized ratio of tin and niobium
In the manufacture of multilayer (Cu/Nb)/Cu12Sn-tapes, close to the optimum design that provides
variants of the tape with some excess of niobium and some excess of tin (Table 4). For the first and
second variants the tapes with the relations tNbNNb/tCuSnNCuSn, equal to 0.306and 0.220 were
consistent.
Unlike the tape of suboptimal design the composite of Cu/Nb with an excess of niobium after 2-nd
cycle was subjected to rolling to thickness of 0.15 mm and, therefore, in the third cycle of a package
was assembled from 16 multilayer foil after 2-nd cycle of 0.15 mm thick. In addition, the final strip
thickness equal 0.3 mm.
If a receipt of production of the first version tape, compared with a tape suboptimal design differed
slightly, then the technology of the composite (Cu/Nb)/Cu12Sn-tape of the second version has been
greatly improved.
Firstly, in the first two cycles of multilayered packages were kept in a vacuum chamber at a
temperature of 800-850C for 40 min under the pressure of 25 MPa. As a result, packages were
subjected to partial diffusion bonding. Such innovation freed technology from an unprogressive
operation of riveting of the package.
Table 4. Parameters of the composite tape of the two designs in each of the three cycles
Meaning of relations tNbNNb/tCuSnNCuSn
Cycles

1-st

2-nd
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0.306

0.220

16 Cu-foil of 0.15 mm thickness;

16 Cu-foil of 0.3 m thickness;

15 Nb-foil of 0.3 mm thickness.

15 Nb-foil of 0.3 m thickness.

Rolling up to 0.3 mm.

Rolling up to 0.3 mm.

The thickness of the Cu-layer – 6.5 m*;

The thickness of the Cu-layer – 9.7 m;

The thickness of the Nb-layer – 13 m.

Nb-layer thickness – 9.7 mm.

31 foil after 1-st cycle.

31 foil after 1-st cycle.

Rolling up to 0.15 mm.

Rolling up to 0.1 mm.

496 Cu-layers of 105 nm;

496 Cu-layers of 104 nm;

465 Nb-layers of 210 nm.

465 Nb-layers of 104 nm.

16 foil after 2-nd cycle;

10 foil after 2-nd cycle;

17 Cu12Sn-foil of 0.3 mm thickness.

11 Cu12Sn-foil of 0.2 mm thickness;

Rolling up to 0.3 mm.

2 outer Cu-foil 0.1 mm.
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3-rd

7936 Cu-layers of 4.2 nm;

Rolling up to 0.3 mm.

7440 Nb-layers of 8.4 nm;

4960 Cu-layers of 9.2 nm;
4650 Nb-layers of 9.2 nm;

* Throughout the calculated thickness of the
layers

11 Cu12Sn-layers of 17.7 mm;
Outer Cu-layers of 9 m.

Secondly, in the 3-rd cycle the package turned a single layer of annealed copper foil. This operation
was introduced in the first place, the desire not to use the diffusion welding because of the risk of
premature formation of the fragile nature of Nb 3Sn-compound. The outer copper coating of 9 m
thickness improved stabilizing properties of the tape on the cases of transition of its in normal state,
and provides a reliable measurement contacts at the low temperature tests. In addition it is once again
ruled out the riveting of the package. To show that the tape has a surface layer of copper, its symbolic
image is recorded as Cu[(Cu/Nb)/Cu12Sn].
Were modified and design parameters of the tape (see Table 4). Checking of the design of a composite
for the optimality by substituting the numerical values of thickness and number of layers of niobium
and bronze in the expression (1) evidence of a slight excess of tin.
3.4.2. Microstructure of nanostructure (Cu/Nb)/Cu12Sn-composite of optimal design before and after
annealing
In contrast to the non-optimized tape in the tapes of both variants with optimum design parameters
multilayer interlayer of Cu/Nb had numerous refinement and regular breaks along its entire length
(Fig. 16a).
Likely discontinuity interlayers of Cu/Nb is due to the thickness ratio of bronze and copper-niobium
interlayers, and not by the thickness ratio of copper and niobium layers in themselves the Cu/Nb.
Indeed, in a tape with non-optimal design parameters and the optimized tape with an excess of
niobium an initial thickness of the Nb-foils was two times greater than the thickness of copper foils,
and in the optimized tape with an excess of tin the initial thickness of Nb- and Cu-foils were the same.
But in the ribbons with the optimum design parameters of both variants the thickness of the multilayer
Cu/Nb-foils after a 2-nd cycle is half the thickness of the bronze foils, and in the non-optimized foil
tape, both foils in the 3-rd cycle of the same thickness. But also the discontinuous of interlayers of
Cu/Nb was not only in the non-optimized tape, i.e., the interlayer Cu/Nb are broken where they are
thinner than a layer of bronze.
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Fig. 16. The microstructure of the cross-section along the rolling tape (a) and multilayered interlayer
of Cu/Nb (b and c): a and b – tape of Cu[(Cu/Nb)/Cu12Sn] with an excess of tin;
c – the tape of (Cu/Nb)/Cu12Sn with an excess of niobium
The layered microstructure of the Cu/Nb-interlayers in the unannealed tape (Fig. 16b and c) reflects
the alternation of niobium (light bands) and copper (dark bands) layers. The thickness of the Nb-layers
did not exceed 30 nm. Compliance with layers of a laminar and integrity pointed to the fact that the
discontinuity of the Cu/Nb-interlayers is not linked to the achievement of reserve of plasticity of the
individual Cu- and Nb-layers. The interlayers are busted spontaneously and at once over the section.
This can be explained by the deformation of the layers of bronze, which occurs with the displacement
angle of 45 all the bronze layer at a time, used up their reserve of plasticity. These shifts were break
and the neighboring interlayers of Cu/Nb. An appearance of such a process and its end is fixed in Fig.
17a (marked 1, 2 and 3). To prevent discontinuity of copper-niobium interlayers could the
intermediate annealing in the process of a rolling at the room temperature.

Fig. 17. The microstructure of the cross-section of an optimized composite tape of
Cu[(Cu/Nb)/Cu12Sn] (a) and microstructure of single Cu/Nb-interlayer in an optimized tape of
(Cu/Nb)/Cu12Sn (b and c) along the rolling direction after the annealing at 750C
for 3 (a) and 5 h (b and c)

After annealing at 750C, which was conducted for the formation of the superconducting compound of
Nb3Sn, the strict alternation of nanoscale Nb- and Cu-layers that existed originally was absent (Fig.
17b and c). All Nb-layers were transformed into the layers of Nb 3Sn. However, compared with layers
of niobium, their thickness becomes several times more. It seems such a pattern that in the process of
diffusion formation of Nb3Sn its neighboring layers merged, in turn, between the fused layers the
jumper of different length are arose, and this led to the formation of even thicker layers. Enlargement
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of the structural elements of Nb 3Sn could occur in the process of a formation of the compound, and
after, when it occurred a depletion of bronze by tin.
Copper layers after an annealing remained as islands of a second phase in the form of a solid solution
of Sn in Cu (indicated by arrows). These were some inclusions of gray 100-200 nm or the extended
educations of thickness from 10 to 100 nm. Qualitative identification was carried out by their local Xray analysis.

Fig. 18. Concentration profiles of niobium, copper and tin of the optimized composite
(Cu/Nb)/Cu12Sn-tape with an excess of niobium to (a) and after annealing at 750C for 5 h (b)
Fig. 18 shows the concentration dependence of the elements, involved in the diffusion process, for the
optimized tape of (Cu/Nb)/Cu12Sn before and after an annealing. Scanning by a probe on the surface
of section metallographic specimen conducted in a manner that it crossed an arbitrarily selected of a
multilayer interlayer of Cu/Nb, if the sample of an unannealed tape is studied, or an interlayer of
Cu(Sn)/Nb3Sn, if a sample annealed ribbons is studied, partially capturing the right and left the layers
of copper with tin. Before an annealing (see Fig. 18a) in the Cu/Nb-interlayer, as expected, there were
only niobium and copper in the ratio 2:1, respectively, and at the edges was bronze with 12 wt% tin.
After an annealing (see Fig. 18b) the concentration profiles showed only a redistribution of the tin. It
is almost completely flowed into the interlayer of Cu(Sn)/Nb 3Sn. In layers of bronze it had less than 1
wt%.
3.5. Effect of annealing temperature on the structure of interlayers of Cu/Nb
An influence of the annealing temperature on the microstructure of the Cu(Sn)Nb 3Sn-interlayer in the
range from 600 to 850C was investigated using samples of the composite tape of
Cu[(Cu/Nb)/Cu12Sn] of the optimized design with an excess of tin. The samples were annealed in a
vacuum furnace with W-heaters for 3 hours
Even at 600C (Fig. 19) between adjacent layers of Nb3Sn formed jumper. With increasing
temperature, the layered structure became all coarser and less pronounced. After annealing at 600 and
650C layers of forming compound of Nb3Sn and layers of Cu(Sn) be continuous, and their thickness
does not exceed 100 nm. Notable merger of Nb 3Sn-layers started at 700C and at higher temperatures
this process becomes an avalanche-like character. At 750C yet has been observed linear structure of
the grains of Nb3Sn, embedded in a matrix of Cu(Sn), but after annealing at 800C and higher a
coagulation of grains causes a complete break in continuity of the layers. After 850C the Nb3Sngrains of predominantly elongated form grew to the size of 1 m in length and 250-300 nm in
diameter.
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In this tape the original thicknesses of the Cu- and Nb-foils were the same, equal to 0.3 mm. In this
regard, the microstructure of the interlayer of Cu(Sn)/Nb 3Sn in this tape after the annealing at 750C is
useful to compare with a microstructure the similar interlayer in the tape annealed at the same
temperature, in the manufacture of which a Cu-foil was twice thin as against foils of niobium (see Fig.
19b and c). As expected, the microstructure of the interlayers of Cu(Sn)/Nb3Sn strikingly different by
the volume content of phase Cu(Sn). In terms of current-carrying capacity of Nb3Sn layers of a more
favorable option for a construction of tapes should be recognized the composite tape of
Cu[(Cu/Nb)/Cu12Sn] with the same volume content of Cu- and Nb-foils in the Cu/Nb-interlayers.

Fig. 19. Microstructure of interlayers of Cu(Sn)/Nb 3Sn in the composite Cu[(Cu/Nb)/Cu12Sn]-tape
after annealing in the temperature range 600-850C. Exposure time – 3 hours
It can be assumed that the difference in the duration of annealing of the taps of two variants of a
design not substantially affected on the results of the comparison.
Fig. 20 shows the dependence of the transverse grain size of Nb 3Sn-compound, which can be
interpreted as the thickness of the layer, and remaining after the annealing of amount of tin in the
bronze interlayers on the annealing temperature for the tape of an optimized design with an excess of
tin.

20. Dependence of the transverse grain size Nb3Sn-compound (a) and tin content in the interlayer of
Cu(Sn) (b) on the annealing temperature of composite Cu[(Cu/Nb)/Cu12Sn]-tape.
Annealing time – 3 h Fig.
Depending on the annealing temperature the average grain size of Nb 3Sn-compound in the transverse
direction is increased from 48 at 600C to 290 nm at 850C (see Fig. 20b). Up to 850C, we can
assume that the thickness of the layer of the formed intermetallic compound corresponded to the crossgrain size. At 850C as a result of coagulation the separation and the formation of more equiaxis
grains of Nb3Sn were began.
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For the tape with an excess of tin its content in the former bronze interlayer with increasing of
annealing temperature from 600 to 700-850C decreased from 6.3 to 3 wt.% (see Fig. 20a).
Compare: in the Cu(Sn)-interlayer of optimized tape with an excess of niobium the tin content does
not exceed 1 wt.%.
According to X-ray diffraction, patterns for the unannealed tapes of Cu[(Cu/Nb)/Cu12Sn] contained
lines of bronze, Cu and Nb. Complete transformation of niobium in Nb 3Sn occurs, starting from
temperature of 700C and above. In all these cases, the radiographs were observed two sets of lines,
belonging to the compound Nb3Sn with A15-structure and solid solution of tin in copper with fcclattice. The X-ray, taken from tapes after annealing at 600 and 650C, was attended more and lines of
the residual niobium. And for the tapes annealed at 600C, the intensity of niobium lines was greater.
3.6. Optimized composite tape of Cu[(Cu/Nb)/Cu12Sn] of new design
From the microstructure studies of composite Cu[(Cu/Nb)/Cu12Sn]-tapes of the optimal design, as
with a copper coating and without it, it followed that the multi-layer of Cu/Nb, containing nanoscale
layers of copper and niobium in a process of a vacuum rolling and subsequent rolling at room
temperature did not remain solid. This led to complete degradation of the critical current. It was
therefore proposed a slightly different assembly technology of Cu[(Cu/Nb)/Cu12Sn]-composites,
taking into account the requirements of the optimum ratio of niobium and tin, and continuity of layers
of Cu/Nb and bronze.
3.6.1. Three variants of Cu[(Cu/Nb)/Cu12Sn]-tape of new design
In the 1-st cycle of a package assembled from alternating 16 Cu- and 15 Nb-foils with a thickness of
0.3 mm. To make the more laminarity in the future layered structure the package was subjected to
partial welding by heating up to 800-850C under a small (25 MPa) pressure for 40 min. Then the
package is rolled first, on the vacuum rolling mill with pre-heating to 850C and compression in a pass
30%, resulting in it finally welding, and then at room temperature to tape of 0,3 mm thickness. The
thickness of the copper and niobium layers in it at this stage was 9.7 m.
In the 2-nd cycle a package going from 31 a multilayer foils after 1-st cycle and underwent the same
operation as in the 1-cycle. Finite thickness of the multilayered composite of Cu/Nb was 0.1 mm. It
contained 496 Cu- and 465 Nb-layers, the calculated thickness is 104 nm.
Third cycle. By design the packages of Cu12Sn/(Cu/Nb) were the three variants (Fig. 21). First packs
of 4, 5 and 10 multilayer foils of Cu/Nb after a 2-nd cycle were produced. This was done by the
diffusion bonding under a pressure of 25 MPa at 850C for 20 min. Package of Cu12Sn/(Cu/Nb) of 1
variant consisted of 2 outer packs of 0.5 mm thick, each of which contained five foils of Cu/Nb after
2-nd cycle, and one bronze plate with thickness of 2.2 mm. The second version of the package: two
plates of bronze of 1.1 mm thick and pack with a thickness of 1 mm of 10 foils of Cu/Nb. Composite
of Cu12Sn/(Cu/Nb) of third option was formed from three Cu/Nb-packs and two bronze plates of 0.4
and 1.1 mm thick, respectively.
Compiled packages turned a single layer of annealed Cu-foil with thickness of 0.1 mm and welded on
the vacuum rolling mill in two passes with a reduction of not less than 30% per pass and heated to 850
and 800C, respectively, before the 1-st and 2-nd drafts. Follow rolling was carried out at the room
temperature without intermediate annealing to the tape of 0,3 mm thickness.
In the final the composite of first version is contained in each multilayer interlayer of Cu/Nb 2325 Nband 2480 Cu-layers with an estimated thickness of 9.2 nm. The number and thickness of layers of
copper, niobium and bronze in the composites Cu[Cu12Sn/(Cu/Nb)] of the three options listed in
Table 5.
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Volume ratio of Nb and bronze in the composite was chosen so that they become most fully in Nb 3Sn.
For the Cu[Cu12Sn/(Cu/Nb)]-composites of all three variants the ratio tNb·NNb/tCuSn·NCuSn  0.288 (see
Table 5). All of them had some excess tin.
To form a compound Nb3Sn a composite annealed at 750C for 5 h and 600C for 265 h. At this the
tin out bronze diffuse into the niobium. As a result, multi-layer interlayers consisting of layers of
copper and niobium were transformed into the interlayer containing superconducting compound
Nb3Sn and a solid solution of Sn in Cu: Cu/Nb  Cu(Sn)/Nb3Sn, and bronze – into a solid solution of
Sn in Cu: Cu12Sn  Cu(Sn). Ideally, multi-layer nanostructure Cu/Nb-interlayers must have been
converted into the multi-layers consisted of Nb3Sn-layers of nanoscale thickness, separated by layers
of solid solution of Sn in Cu – Cu(Sn)/Nb3Sn. Thus the composite of Cu[Cu12Sn/(Cu/Nb)] was
transformed into a tape-based Nb3Sn-compound, on the outside stabilized by the layer of copper:
Cu[Cu(Sn)/(Cu(Sn)/Nb3Sn] (Fig. 22).

Fig. 21. Three variants of construction of the Cu[(Cu/Nb)/Cu12Sn]-composites
Table 5. The design parameters of Cu[Cu12Sn/(Cu/Nb)]-composite
Nb
Variant
1
2
3


Cu

Cu12Sn

tNb·NNb/

N

t, nm

N

t, nm

N

t, m

/tCuSn·NCuSn

22325
4650
31860

9.2
9.2
8.7

22480
4960
31984

9.2
9.2
8.7

1
2
2

195.7
97.8
91.7

0.220
0.220
0.265

Tapes of all options were outside the copper coating of 17.7 m thick

Fig. 22. The second variant of the composite of the new design after heat treatment
In terms of the current-carrying capacity Nb3Sn layers should have a fine grain structure, since the
magnetic vortex filament in Nb 3Sn able to effectively pin in the grain boundaries. Therefore, annealing
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of the composites is preferable carried out at 600C when the Nb3Sn-compound obtained with a more
fine-grained structure.
3.6.2. Studies of the structure of tapes of a new design by method of scanning electron microscopy
As an example, Fig. 23 shows the macrostructure of one of the options for composite tape of
Cu[(Cu/Nb)/Cu12Sn], made on the scheme described above, and microstructure of the interlayer
(stack) Cu/Nb after the annealing at 600C for 265 hours. A fairly orderly layered structure of
Cu(Sn)/Nb3Sn-interlayers was observed.
For the same composite in Fig. 24 shows the concentration dependence of tin, copper and niobium,
obtained using X-ray analysis. Just in the composite of this option in the interlayer Cu(Sn)/Nb 3Sn
observed the most uniform distribution of elements. The concentration of tin in them was 14.0-15.5
wt.%. In the interlayer Cu(Sn) near the superconducting layers tin remained from 3.0 to 4.4 wt.%.

Fig. 23. Macrostructure of cross section of Cu[Cu12Sn/(Cu/Nb)]-tape of the third variant (a) and
microstructure of multilayer Cu/Nb-layer (b) after annealing at 600°C for 265 h
Fig. 24. The concentration profiles of Nb, Sn and Cu (a) and a fragment of the structure of cross
section, where analysis was made (b) for the composite of Cu[Cu(Sn)/(Cu (Sn)/Nb 3Sn] of the third
variant (c) after annealing: 600C for 265 h. The profile passed through the middle layer of
Cu(Sn)/Nb3Sn
A tape of a submitted variant rolled of the package, assembled in the 3-rd cycle of three packs of 0.4
mm thick, consisting of four foils after a 2-nd cycle of 0.1 mm thick, and two bronze plates of 1.1 mm
thick (see Fig. 21). After rolling the tape with Cu-coating of 16.5 m thick contained 5580 Nb-layers
with an estimated thickness of 8.7 nm, and two layers of bronze with thickness of 91.7 m. The ratio
tNbNNb/tCuSnNCuSn = 0.265 (see Table 5).
3.6.3. Superconducting characteristics of the optimized composite tape based on the Nb 3Sn-compound
of new design
Measurements of the critical current Ic and the second critical magnetic field Hc2 as well as in the case
of tapes with alloys of Nb-Ti, carried out in parallel and perpendicular orientations of the rolling plane
relative to the direction of the magnetic field, which is produced by a superconducting solenoid. The
critical current density was calculated on the entire cross-sectional area of tapes (so-called constructive
critical current density) (jc) and the cross-sectional area, which occupied the interlayer of Cu/Nb,
(jc)Cu/Nb.
The results of measurements of Ic for the tapes of all three variants are presented in Table 6 for
annealing at two regimes. And as an example for a composite manufactured by a third variant, in Fig.
25 the experimental dependence of (jc) and (jc)Cu/Nb for the two orientations of the rolling plane of the
tape and the magnetic field were showed.
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The critical current density jc in the composites after the long 265-hour annealing at 600°C is
significantly higher than after annealing at 700°C for 5 h. If the second case at the parallel and
perpendicular orientations of the rolling plane of the composite and the magnetic field maximum out
of a reached (jc)Cu/Nb did not exceed, respectively, 2.73·104 and 1.93·104 А/сm2 in a field of 7 T, then
after the long and the low-temperature annealing of its value reached 7,65·104 and 8,31·104 А/сm2 in
the fields of 7 T (see Table 6).
It was expected that, as in the case of multilayered composites with layers of wrought alloys Nb-Ti,
the pinning of vortex filaments will occur at the interlayer boundaries of nonsuperconducting copper
alloy Cu(Sn) and the superconductor Nb 3Sn. However, in contrast to composites with Nb-Ti alloys, in
which the effective pinning of the superconducting vortex filaments occur at the boundaries of NbNbTi, and therefore a giant values of anisotropy jc was observed, in a tape of Nb 3Sn high values of
anisotropy were not observed. Moreover, it was  1 after 265-hour annealing. This indicated that the
boundaries of Cu(Sn)-Nb3Sn in multi-layers of Cu(Sn)/Nb3Sn were no more effective for pinning of
vortex filaments than other structural defects, or are they simply "smeared" in process of the
annealing. The high values of jc obtained in this work after annealing at 600°C are provided by the
pinning of the superconducting filaments on the grain boundaries, whose density at low temperatures
of formation of Nb3Sn was very large.
Experimental dependence of Hc2(T) (Fig. 26) are linear throughout the measured temperature range,
except for a small region in the immediate vicinity of Tc. There was a slight deviation from a straight
line towards higher temperatures. The measured temperature of the superconducting transition for H =
0 was at 0.05-0.10 K to more than the temperature of intersection of Hc2(T) with the horizontal axis.
Hc2 measured in parallel mutual orientation of the rolling plane relative to the field were 1-1.5 T more
than in the perpendicular orientation. This can be seen on different slopes of the lines Hc2(T). For
multilayered tapes with Nb-Ti alloys, where the such distinction was much more a result we have
explained by the increase of Hc2 with decreasing of layer thickness [10], which occurs only in a
parallel orientation of the plane and the field [6]. Apparently, the same mechanism operates in the case
of a multilayer tape of Nb3Sn.

Fig. 25. Dependences of critical current density on the field for the optimized Nb 3Sn-tape of third
variant after annealing at 700°C for 5 h and 600°C for 265 h for the two orientations of the rolling
plane of tape to the direction of H
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Table 6. The critical current density of the optimized Nb 3Sn tape (jc) /(jc)Cu/Nb for the parallel (||) and
perpendicular () orientations of the rolling plane (ab) relative to the magnetic field (H) and the
anisotropy jc||/jc in field of 7 T.
700С for 5 h
Variant

600С for 265 h

ab||H

abH

jc||/jc

ab||H

abH

jc||/jc

1

6820/23300

3900/13300

1.75

-

-

-

1

-

-

-

13560/46104

-

-

-

-

-

-

11196/38066

-

-

-

-

22510/76534

24457/83154

0.92

11

3580/12200

1970/6700

1.82

15600/532002

16500/563002

0.952

11

-

-

-

-

10900/37200

-

2

1170/3960

500/1700

2.33

11700/39700

13000/44100

0.90

3

8020/27300

5670/19300

1.41

8690/29600

13200/45000

0.66

1
1

1

1

The tape was obtained from a composite, at making which plates, recruited from foils of Cu/Nb after
a 2-nd cycle, were not subjected to diffusion bonding. 2Date are in the field of 6.5 T.
The values of Hc2(4.2 K) for the parallel and perpendicular orientation (ab) relative to H (Table 7)
were equal to 19-20 T, which is lower than those known in the literature. The reason was the low
values of critical temperatures that are equal in our case 16.16 and 16.32 K. This is significantly less
than 18 K for stoichiometric Nb3Sn. However, this fact is common for compound Nb3Sn, obtained by
the "bronze technology."

Fig. 26. Dependences of the second critical magnetic field on temperature near Tc for Nb3Sn multilayer
tapes after annealing at 750°C for 3 h and 800°C for 3 h for the two orientations of the rolling plane of
the tape relative to the direction of H
Table 7. The results of measurements of the second critical magnetic field
Annealing regime and Тс

750С for 3 h; 16.32 К

800С for 3 h; 16.16 К

Orientation

H || (ab)

H  (ab)

H || (ab)

H  (ab)

(-dHc2/dT)T=Tc, Т/К

1.88

1.71

1.91

1.78

Hc2(0), Т

20.9

19.9

21.0

19.6

Hc2(4.2 К), Т

19.1

18.1

20.0

18.6
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3.7. Conclusions
1. Through the package rolling multilayer composite tape, consisting of interlayers of 12% of the tin
bronze and nanostructure interlayers of Cu/Nb, containing Cu- and Nb-layers of nanometer thickness
was manufactured. During annealing as a result of interdiffusion of niobium and tin composite was
converted into a multilayered tape on base of superconducting compound of Nb 3Sn.
2. At the optimum volume ratio of composite components niobium and tin most fully converted into
Nb3Sn. For this attitude of tNb·NNb/tCuSn·NCuSn, where t and N are respectively the thickness and number
of layers of niobium and bronze in the composite, must be equal to 0.288. However, in the composite
of an optimal design the increasing of volume fraction of the bronze to the content of Cu/Nbinterlayers caused ruptures of the latter, which resulted in complete degradation of the
superconducting critical current in the tape.
3. Given the experience of previous experiments, the technology for obtaining of three variants of the
multilayer composite tape of Cu[Cu12Sn/(Cu/Nb)] as a precursor for a superconducting tape of
Nb3Sn, in which the nanostructure Cu/Nb-interlayers remain cohesive at all stages of rolling
deformation was developed.
4. By scanning electron microscopy and X-ray analysis the microstructure of cross-section of the
composite tape before and after annealing, depending on the volume ratio of composite constituents
and the microstructure of itself Cu/Nb-interlayer as a function of annealing temperature were studied.
5. The high values of the critical current density were obtained after annealing at 600C for 265 h. It
reached 8.3·104 А/сm2 in an external magnetic field 7 T calculated on the section occupied by
interlayers of Cu(Sn)/Nb3Sn. But in contrast to superconducting nanostructure tapes with Nb-Ti alloys,
the anisotropy of the critical current density jc||/jc was small or even smaller unit. This indicated that
the interlayer boundaries of Cu(Sn)-Nb3Sn in multi-layers of Cu(Sn)/Nb3Sn were no more effective for
pinning of vortex filaments what the other structural defects such as grain boundaries. The second
critical magnetic field at 4.2 K reached 20 T (annealing at 800C), the critical temperature – 16.2-16.3
K.
4. BEHAVIOR OF HARDNESS AND STRENGTH OF MULTILAYER COMPOSITES AT
DEFORMATION BY ROLLING
Expression, reflecting the dependence of the mechanical characteristics of the material on its structure,
is well-known Hall-Petch relation that relates the flow stress σt and grain size: σt = σ0 + К·(1/d).
Classical mechanism that explains it, is based on the occurrence of stress in the head of dislocation
pileup at the grain boundary, which should initiate a slip in neighboring grains. Hall-Petch relation
holds too in the deformed state, if in the structure of the metal present the effective lengthen obstacles
to motion of dislocations, for example, the boundaries of a dislocation cells or sub grains [11].
Condition for this is consistency of coefficient K, i. e., the effectiveness of the obstacles to dislocations
slip should not be changed. If the boundaries of grains, cells or sub grains are still in the process of
testing the only or even the main obstacles to the dislocations, then the expression of the Hall-Petch
relationship is applicable to the ultimate strength and hardness of the metal. Such is the case in bulk
metals and alloys.
In [12, 13] for multilayer composites of Cu/Nb and Cu/Nb/Nb50Ti (see Table 1, variant 5) has been
shown that a change in their hardness HV in the process of the rolling at room temperature is
associated with decreasing in the interval from 500 to 5 nm thickness of layers t the same Hall-Petch
relation. In the case of Cu/Nb/Nb50Ti-composite, comprising alternating layers of niobium and alloy
of Nb-50 wt.% Ti, obtained the data were described by the expression HV [MPa] = 1688 + 2125 t-0.5
(hereafter t in nm) [13]. For a multilayered composite containing layers of copper and niobium, two
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intervals of thicknesses were observed – 100-25 and 25-5 nm, into which the changing of the hardness
HV are given by HV[MPa] = 700 + 9600t-0.5, and HV[MPa] = 2310 + 1580t-0.5, respectively [12].
Significant result was a reduction of K to 6 times. This meant that alter the effectiveness of the
interlayer boundaries of Cu-Nb, as the obstacles for slip of dislocations. Analysis of crystallographic
texture in the layers of fcc-copper and bcc-niobium showed that when the thickness of 25 nm in both
layers formed texture, in which the plane and slip direction in both layers became almost parallel to
each other, and this facilitates the transfer of slip from layer to layer. In the composite of
Cu/Nb/Nb50Ti both components have the bcc-lattice, textures in both layers is the same and a
situation with the transfer slip is eased for all the layer thicknesses.
4.1. The dependence of the Hall-Petch relationship for a series of nanostructure Cu(Nb/Nb31Ti)composites, differing in the number of layers
The purpose of the next study was to test the Hall-Petch relationship when the thickness of the layers
is not changed in the rolling process of concrete composite, and regulated by a series of five composite
Cu(Nb/Nb31Ti)-tapes (see Table 1.) at the final stage of their manufacture due to the changing of a
design without the changing of technology.
The results showed that the measured range of thicknesses of layers as the hardness HV such and yield
stress σ0.1 (Fig. 27) can be described by the Hall-Petch relationship. Hall-Petch relation for the
hardness can be represented as HV [GPa] = 1.62 + 2.15 t-0.5.This expression is a very good agreement
with previously obtained dependence for a single composite of Cu/Nb/Nb50Ti [4], when the hardness
was measured during the cold rolling in the 3-rd cycle of its production (σ0 = 1.69 GPa, and K = 2.13
GPa/nm- 0.5). For the yield stress σ0,1, the Hall-Petch relation was as follows: σ0.1[MPa] = 584 + 1032 ×
t0.5.
4.2. Production of the microstructure composites of Cu/Fe, Cu/Nb, and Nb/Ti
Composite of Cu/Fe was obtained by diffusion welding and rolling package in the 1-st cycle
consisting of 23 Cu- and 23 Fe-foils with a thickness of 0.2 mm. In the 2-nd cycle of a package was
collected from 46 multilayer foils after 1-st cycle. At this stage, the composite contains more than
2100 layers of copper and iron with the average thickness of about 4 m.
From a series of Cu/Nb two composites were investigated in the process of the cold deformation in the
2-nd cycle with the total number of layers of copper and niobium, equal to 960. In the 1-st cycle the
original packages were contained 16 Cu- and 15 Nb-foils.

Fig. 27. Dependents of the hardness HV and yield stress 0.1 on t-0.5 (t – thickness of the Nb- Ti alloy).
Change interval of t – from 250 to 10 nm: a – each point corresponds to the average value of hardness
of not less than five measurements
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Microstructure composite of Nb/Ti was obtained by rolling of a packages composed of 24 Nb-foils
with thickness of 0.18 mm and 23 Ti-foil with thickness of 0.15 mm.
Diffusion bonding of the packages was carried out under pressure 20 MPa at temperatures from 800
to 900C for 40-60 min. Subsequent packages rolling on vacuum rolling mill was carried out with preheating to a temperature of 850-900C and the compression of 25-30% per pass. One or two passes
were made.
The surface hardness of the composites was determined by Vickers method under a load of 60 N and
measured as a function of layer thickness, decreasing during the deformation by rolling in the 1-st and
2-nd cycles, both immediately after rolling and after annealing at 600C for 2 h, which was conducted
to remove cold work surface (Fig. 28 and 29).

Fig. 28. HV dependence on t-0.5 for the composites of Cu/Fe in a state of “after rolling” (a) and “after
rolling + annealing” (b) (t – the average thickness of copper and iron layers, the change interval of t –
from 40 to 4 m and from 1.4 m to 90 nm in 1-st and 2-nd cycles, respectively)
The design of the Cu/Fe-composite was such that on one side of the surface is a layer of copper, on the
other – a layer of iron. Therefore, the hardness was measured in two sides. Immediately after the
rolling the hardness of the iron was greater than that of the copper (see Fig. 28a). After annealing, the
hardness’s of the two surfaces becomes identical.
Give attention to the fact that all the dependence of HV(t-05) for the microstructure composites directly
after the rolling had a maximum. At the final stage of rolling the hardness, reaching a maximum, then
drops a bit and the dependence, typical Hall-Petch relationship is not fulfilled. The latter is likely due
to the fact that measurements take into account also and hardness induced a hardening. Hall-Petch
relationship holds only after rolling and annealing.
When the thickness of the Nb-layer equaled to 11 m (see Fig. 29b), the dependence of HV(t-0.5)
changes a slope. This could be expected, since at room temperature niobium and titanium have
different crystal lattices.
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Fig. 29. HV-dependence on t-0.5 for the composites of Cu/Nb (a) and Nb/Ti (b) in a state "after rollig"
and "after rolling + annealing” (t – the average thickness of copper and iron layers). The change
interval of t: a – from 5000 to 270 nm and from 1000 to 200 nm for the composites of 1 and 2,
respectively; b – from 93 to 45 m
4.3. One component composite of Ti/Ti
Microstructure titanium composite was obtained by rolling a multilayered package consisted in 120
titanium foils of 50 m thick.
The hardness of the composite was measured in the rolling process (Fig. 30). In the range of
thicknesses of the individual Ti-layer from 16 to 2.2 m the changing of HV satisfy to the Hall-Petch
relationship. The hardness values were high. At the maximum degree of deformation, it reached the
value of 3.4 GPa, while sufficient ductility of the composite was maintained.

Fig. 30. Dependence of the hardness of the multilayer microstructure composite with titanium as a
function of t-0.5 (t – thickness of one Ti-layer)

4.4. Conclusions
1. It is shown that for multilayer nanostructure composite tapes of Cu(Nb/Nb31Ti) HV hardness and
flow stress for small values of residual deformation during tensile tests (yield σ0.1) in the range of
thicknesses of Nb-layers and layers of NbTi-alloy from 140 to 5 nm were described by the HallPetch relationship in which instead of the grain size was used the layer thickness t. The resulting HallPetch relationship for the hardness is in good agreement with previous results for a single composite of
Cu/Nb/Nb50Ti, when the hardness was measured as far as rolling of it.
2. Dependences of the hardness on the t-0.5 for microstructure composites of Cu/Nb, Cu/Fe and Nb/Ti
were obeyed Hall-Petch relationship only after the annealing, which undertaken after the rolling at
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room temperature and served to relieve hardening of the surface. All depends HV(t-0.5) for these
composite tapes immediately after rolling had a maximum.
3. Microstructure composite consisting of 120 layers of titanium with thickness of about 2 m had a
high hardness, equal to 3.4 GPa, while maintaining of sufficient flexibility.
5. MICROSTRUCTURE COMPOSITES OBTAINED BY DIFFUSION WELDING UNDER
PRESSURE
5.1. Composites of Ni/Al
Compound of Ni3Al is the main strengthening phase of a high-temperature Ni-alloys, which are used
for the manufacture of parts and units, working in conditions of high temperatures and power loads.
The disadvantage of Ni3Al-based alloys is their low the melting temperature, 1400C, which limits
the temperature ceiling of their practical application. Meanwhile, there is a need to improve the
working temperatures of power plants, in particular, aircraft engines, both to improve their efficiency
and to reduce the environmental loads [14]. This initiated the development of high-temperature alloys
based on NiAl, as a higher melting point and light, as Ni3Al, and not in need of protection from
oxidation [15].
The purpose of this study – to produce a NiAl by diffusion in a multilayered composite of Ni/Al,
originally made from a package of alternating Ni- and Al-foils.
Flat composite of Ni/Al obtained by diffusion bonding of multilayer packages under pressure of 15-20
MPa for 1 h at temperatures below the melting point of aluminum, resulting in their partial sintering
was occurred. Packages with outer Ni-foils were assembled from 12-20 Ni- and correspondingly 11-19
Al-foils. The thickness of the nickel foil was typically 100 m, the thickness of aluminum foil could
be varied from 10 to 150 m. Already, even after diffusion bonding at the interface between the layers
of nickel and aluminum the interlayers of 2 m thick were formed, which were identified as NiAl3 –
the aluminum-rich intermetallic compounds. Intermetallic compounds of practical interest, formed
during the subsequent heat treatment of composites under pressure as a result of an interdiffusion
between the nickel and aluminum.
Table 8. Effect of heat treatment temperature on the microstructure of the diffusion zone of the
composite of Ni/Al with the ratio of Ni:Al  2
Temperature, С
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Composition of the diffusion zone

600 (1 h)

Al; NiAl3 (2 layers of 2 m); Ni

800/1 h

Ni2Al3 (25 m); NiAl (2 layers of 4-5 m); Ni3 Al (2 layers
of 3 m); Ni

950/5 h

NiAl (36-37m); Ni5Al3 (2 layers of 17 m); Ni3 Al (2
layers of 3 m); Ni

1000/1 h

NiAl (35 m); Ni5Al3 (2 layers of15 m); Ni3 Al (2 layers
of 2-3 ); Ni m

1100/30 min

Ni5Al3 (balances); layers of Ni3Al, interspersed with layers
of Ni(Al) – a solid solution of Al in Ni
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Effect of final temperature of the heat treatment on the composition of the diffusion zone in
composites with a volume ratio (the "ratio") of nickel and aluminum Ni:Al, equal to 2, is presented in
Table. 8. This ratio is consistent with the fact that in the final stages of the diffusion process of Ni and
Al, exhausted, compound Ni3Al were formed.
Based on the table, you can draw the following conclusions. (1) Aluminum is completely "consumed"
for the formation of intermetallic compounds already at a temperature of 800C, and at the same
temperature begins to form compounds of NiAl and Ni3Al. (2) As the temperature increases the
thickness of NiAl-layer at the same exposure increased from 4-5 at 800C to 35 m at 1000C and
the thickness of the layers once formed Ni3Al-compound has not changed and equal to 2-3 m. (3)
Layers of pure nickel were observed up to 1000C. (4) Only at 1100C among all the intermetallics
only compound Ni3Al was remained. The heat treatment at relatively high pressure of 830 MPa for
30 min was resulted in the formation of the layered structure of alternating layers of Ni 3Al and solid
solution based on nickel, containing up to 15 at.%Al. Within the layers of Ni3Al the remains of phase
Ni5Al3 were found, which for some time could be a source of alumina for the formation of Ni3Al.
Composite with the ratio of Ni:Al = 0.67. In the diffusion zone of a composite consisting of Ni- and
Al-foils with a thicknesses of 100 and 150 m respectively after heat treatment at 1100C the same set
of intermetallics are contained as in a composite with the ratio of Ni:Al = 2 after the heat treatment at
950-1000C (see Table 8) except that instead of pure nickel solid solution based on nickel, Ni(Al), was
formed, containing 13-14 am.%Al. Upon a completion of the diffusion process – 1300C for 1 h (Fig.
31) – composite was turned into the laminate that entirely consists of NiAl-layers of 110 m thick.
On the figure the boundary between the layers is marked of "lines" of small pores. Chemical etching
revealed a fairly fine-grained structure of the compound (see box). According to X-ray analysis of
aluminum contained in (NiAl)-phase of 39-40 at.% (see Fig. 31b). This was combined with the
diagram of Ni-Al [16], according to which the compound of NiAl at 1300C has a wide homogeneity
range, and the resulting composition is located within it. X-ray analysis confirmed the existence of a
(NiAl)-phase with a fct-lattice.
Composite of Ni/Al with the ratio of Ni:Al = 6 after heat treatment at 1300C was converted into a
solid solution of aluminum in nickel, with a gradually decaying change of composition in the direction
on the surface to the section middle of the sample (Fig. 32).
Conclusion. The results showed that Ni and Al can easily engage in the diffusion interaction with the
formation of all compounds known in the Ni-Al system. At the initial stage, regardless of the volume
ratio of components, the formation and the disappearance of the compounds depending on the
temperature obeys the laws of the reactive diffusion and occurred in a sequence from the compound
with the maximum aluminum content (NiAl3) to the compound with the minimum of its content
(Ni3Al). But the end result of diffusion of Ni and Al depend on the ratio of Ni:Al. Under the same
heat-treatment regimes in a composite with the ratio of Ni:Al = 0.67 diffusion process ended on
(NiAl)-phase, while the composite with the ratio of Ni:Al = 6 – a solid solution of Al in the nickel
Ni(Al).
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Fig. 31. Microstructure (a) and concentration profiles of Ni and Al (b) for the Ni/Al-composite with
the ratio of Ni:Al = 0.67 after diffusion bonding at 460C, for 1 h, and 14.8 MPa and heat treatment at
600C for 2 h + 1300C for 1 h under the pressure of  20 MPa: a - the inset shows the microstructure
after a chemical etching when the shooting in secondary electrons
Fig. 32. Microstructure (a) and concentration profiles of nickel and aluminum (b) for the Ni/Alcomposite with the ratio of Ni:Al = 6 after diffusion bonding at 500C for 1 h and 16.7 MPa and
subsequent heat treatment at 600C for 2 h + 1300C for 1 h under the pressure of  20 MPa: a bright dots indicate the locations analysis
5.2. Composites of Ti/Ni
Ti-Ni alloys attract attention with its multifunctional capabilities. The high-strength and wrought Ti-Ni
alloy with the martensitic transformation and associated with it the shape memory effect are designed
and well-studied. Along with the traditional methods of obtaining alloys (alloying, thermal and
mechanical treatment), the rapid quenching from the melt and the explosion welding, in recent times
for the alloys based on TiNi have been used methods of severe plastic deformation. For most materials
with sub microcrystalline and nanocrystalline structures, the high yield stress and strength are
combined, as usual, with a low ductility at room temperature. However, metastable alloys of Ti-Ni, on
the contrary, are acquired an unusually high deformation capability with large values of the reduction
of area and the uniform elongation in tension [17]
Interest in the Ti-Ni alloys is partly explained by the fact that there are new types of a receiving and a
processing of materials that their authors are trying to test at facilities already proven its prospect.
Such methods include the multiple rolling of multilayer packages, combined with heat treatment.
Producing a multilayered tape of Ti/Ni. The package was about 10 Ti- and 11 Ni-foils with thickness
of 0.32 and 0.19 mm, respectively. Ratio of tTi/tNi was 1.6. This corresponded to the equiatomic alloy
composition. The package was subjected to welding under a pressure 21 MPa at 850C for 20 min
and rolling in a vacuum for two passes with heating to 950C and the compression of 35%. Welded
blank rolled into a tape with the thickness of 0.2 mm at room temperature without intermediate
annealing. The thicknesses of the layers of Ti and Ni in the film were 120 and 80 m respectively.
After rolling TiNi-tape were annealed in the range from 500 to 800C for 2 h to remove the surface
cold working and a verification of the compatibility of components. The hardness decreased from
2.65-3.00 (immediately after the rolling) to 2 GPa after annealing at 500C (Fig. 33). However, with
increasing of temperature it is increased and at 800C becomes equal to 2.3-2.7 GPa
Effect of an annealing temperature on the microstructure of the composite. Already as a result of the
short heating during the diffusion welding and the rolling in a vacuum at the boundary of Ti- and Nilayers the formation of products of reactive diffusion was indicated. Total change in the structure of
the composite was caused by heat treatment at 800C (Fig. 34a). In its structure present layers of
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intermetallic compounds of TiNi3 (25.6-26.3 at.%Ti), TiNi (51.2-51.8 at.%Ti) and Ti2Ni (67.3-67.4
at.%Ti) and -solid solution of Ni in the Ti (97.7 at.%Ti).

Fig. 33. HV dependence of composite on annealing temperature
Fig. 34. The microstructure of the composite TiNi-tape after rolling and annealing at 800C (a) and
after heat treatment at 1000C in the pressure 25 MPa (b)

A different structure was observed after heat treatment: 600C for 1 h + 1000C for 1 h under pressure
(Fig. 34b). According to X-ray analysis and taking into account the phase diagram of Ti-Ni the main
structural component is an eutectic of intermetallic TiNi and TiNi3 (needle separation), and the
selection of the second phase – the intermetallic TiNi3.
Conclusion. Titanium and nickel had a high reactivity with respect to each other. At 800°C due to the
reactive diffusion they form three intermetallic compounds and solid solution of Ni in Ti. A heat
treatment at 1000C caused the formation of alloy with a homogeneous eutectic structure and
secretions TiNi3.
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Abstract
The program package for the solving boundary value problems on quasistructured not co-ordinated
grids by the iterative domain decomposition method on the subdomains interfaced without overlapping
is developed. The description of computational algorithm, the data structures for work with
quasistructured grids is resulted. The graphic interface for automation of initial data input and
examples of numerical calculations are given.
Key words: program package, quasistructured grids, data structures, graphic interface, domain
decomposition method.
1. INTRODUCTION
A software package for solving Poisson's equation in a plane or an axially symmetric domain that has
almost arbitrary shape with the Dirichlet and the Neumann boundary conditions on the quasistructured
mismatched grids has been designed. The need for such a development occurred in the process
calculating of electric fields in the High Current Electronics problems, characterized by a strong
heterogeneity of different scales and flows of charged particles. The solution is sought by the iterative
method of decomposition of a computational domain into subdomains, without overlapping [1]. The
boundary of a computational domain is approximated by straight lines or arcs of circles. A special
graphical user interface was developed [2], enabling graphical and numerical data entry into the
geometry of a computational domain, boundary conditions and quasistructured grids. The original
rectangular grid near the boundary undergoes a local modification, consisting in a shift of the
boundary nodes to the points of intersection of coordinate lines with the boundary. In the subdomains
with a strong heterogeneity of solutions there is possibility of a local increase in the number of nodes.
This ensures the adaptability of a grid. Original differential equation in subdomains can be
approximated by the finite volume method [3], and the Poincare-Steklov equation at the interface can
be approximated by a system of linear algebraic equations [1], which is solved using the conjugate
gradient method. The paper describes the data structures for quasistructured grids, the package
structure and gives an example of numerical calculations.
2. FORMULATION OF THE PROBLEM AND SOLUTION ALGORITHM
In the closed 2D domain G  G   , where  is the boundary of G , it is required to find a solution
of the boundary value problem

 u  g1 ,
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Here u  u(T ) is an unknown function, g1  g1 (T ) , g 2  g 2 (T ) , g3  g3 (T ) are a set of
functions ( T  ( x , y ) is a current point, where x, y are the Cartesian or cylindrical coordinates),  is



Laplace operator, n is normal to  . We assume that 2 consists of segments parallel to the
coordinate axes.
the
computational
domain
G . Construct the rectangle
R  0  x  Dx , 0  y  D y , where D x , D y are a set of values around G . Build in R a

We

decompose

of





rectangular uniform macrogrid


 H   X I  IH x , YJ  JH y ,


I  0, N x , J  0, N y , H x 

D y 
Dx
, Hy 
,
Nx
N y 

where N x , N y are a set of integer numbers, with the steps H x , H y  h ( h is a maximum grid step
on which problem (1)) is approximated. The domain G is divided into subdomains Gk .External
subdomains are excluded from the calculations. The interface consists of segments of the coordinate
lines  H . A point of intersection of coordinate lines is called macronodes.
In the subdomains, construct a uniform rectangular subgrid:





 h,k  xik  X I  ik hx, k , y jk  YJ  j k hy ,k , i k  0, n x, k , j k  0, n y ,k ,
with the steps hx, k 
assume that n x,k  2

X I 1  X I
,
n x ,k

mx , k

, n y ,k  2

h y ,k 

YJ 1  YJ
. Without essential loss of generality, we
n y ,k

m y ,k

, where m x ,k , m y, k  0 are integers. In order to adapt to the
boundary subdomains, let us make a local modification of the subgrid consisting in a shift of the
nearest boundary nodes to the points of intersection of coordinate grid lines with the boundary.

Combining the subgrids forms resulting quasistructured grid  h . Boundary value problem (1) is
replaced by the problem

 h u h  g1 ,

uh

1

 g 2 , lh u h

2

 g 3 , uh



 vh ,

(2)

by the finite volume method, where u h is an approximate value of the unknown function u , and  h ,

l h are the approximation of the Laplace operator and the operator of normal derivatives, vh is a trace
u h on  . The solution to problem (2) is reduced to solving discrete subproblems in the subdomains.
These subproblems in each subdomain lead, in fact, to the solution of nine-point grid equations.



We introduce the grid h at the interface, consisting of nodes of subgrids  hk  and not containing
macronodes. Let N be the number of nodes h . In [1], it is shown that the function v h can be found
by solving a system of linear algebraic equations

Avh  b  0 ,
hp  v h  g h .
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A  ai , j , i  1, N , j  1, N  P

Here



is

a

rectangular





matrix,





b  bi , i  1, N ,



g h  g h,i , i  N  1, N  P , v h  v h,i , i  1, N  P are vectors ( P is the number of macronodes),
hp  is an approximation of the Laplacian on the grid pattern, which includes the grid nodes  h and
one of macronodes.
The solution of this system is an iterative decomposition method of the form


v h( n 1)   vh( n ) , A vh( n ) ,





n  0,1,

(3)

where  is a function that determines a specific algorithm. The meaning of (3) lies in the fact that in

this iterative process we use only the vector v h(n ) as it is and the action of a matrix-vector Avh( n ) . These
requirements are satisfied, for example, in a family of rapidly convergent iterative methods in the
Krylov subspace [3].
Knowing v р , we find the functions u h in the subdomains by solving problem (2).

3. DATA STRUCTURE FOR A QUASISTRUCTURED GRIDS
For every k , an internal or a boundary subdomain contains all the components of the structured
subgrid  h,k , including the external nodes. Among the nodes belonging to the computational domain

G , there are different internal nodes, whose coordinates are not stored, as they are calculated by
simple rules, that follow from the structure  h,k and the boundary or modified nodes, whose
coordinates are stored in the array.
Arrays for the grid h at the interface is not specifically introduced as this grid essentially consists of
nodes, which are projections on the interface of the subgrid  h,k .
Let us describe stored scalars and arrays, following the rules of writing Fortran arrays and introduce a
local numbering.
1. External data generated by graphical preprocessor.
1.1. Scalars
1.1.1. nx, ny are the number of intervals of the macrogrid  H , that is actually the
number of subdomains in their respective areas.
1.1.2. xb, yb, xe, ye are coordinates of the lower left and the upper right corners of the
rectangle circumscribing the computational domain G .
1.2. Array
1.2.1. NNSG (nx, ny, 2) is the number of intervals in the subgrid  h,k .
2. Internal data, formed in the quasistructured grids processing.
2.1. Scalars
2.1.1. nngi is the total number of nodes in the subdomains that are involved in the
calculations. It includes all the nodes of subdomains. Each subdomain is represented as a
single rectangle, for which all the nodes are stored, including the sides of the rectangle and
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macronodes. At the boundaries of the conjugation of two subdomains, nodes are stored for
each of them, that is, coincident nodes are repeated.
2.1.2. nlmn is the number of modified nodes.
2.2. Arrays for subgrids in the computational domain
2.2.1. ITSG (nx, ny) are type of subdomains (-1 - external, 0 - internal, 1 - boundary).
2.2.2. IANG (nx, ny) are initial addresses of the subarrays ITNG, RUNG of nodes in
the subdomains.
2.2.3. ITNG (nngi) are type of nodes in the computational domain (-1 - external, 0 internal, a> 0 - modified, where a means the address of the coordinates in the array COLM (see
below)).
2.2.4. RUNG (nngi) are values of the unknown functions in the nodes in the
computational domain (the same components as in the array ITNG).
2.2.5. COLM (3 * nlmn) are coordinates of the modified nodes. For each node, x, y, ig
are stored. The latter is number of a boundaries, to be considered in a node.
4. THE STRUCTURE OF THE SOFTWARE PACKAGE
The package consists of macromodules Graf, Geom, CaCoe,, SolverU, Service, which operate in the
above-listed sequence, recording the results in to files. Macromodule Graf is a preprocessing package,
a macromodules Geom, CaCoe, SolverU form a processor, and macromodule Service is postprocessor.
Let us give a brief description of the macromodules.
Maсromodule Graf is used to specify input information via graphical interface. The output information
is written in the following files:
• era.dat, point.dat ─ the geometry of the boundary conditions,
• fqgrid.dat ─ quasistructured grids.
Macromodule Geom is used for processing the geometry of the computational domain. Its functions
include the following procedures: construction of grids, the local modification of the grid, the layout
of nodes in subdomains. Initial data are information about the geometry of the computational domain,
boundary conditions and quasistructured grids, stored in files era.dat, point.dat, fqgrid.dat. Output
data:
• scalars, that are stored in the file fscalar.dat,
• arrays for nodes in subdomains: ITSG, IANG, ITNG,
• an array of coordinates of local-modified nodes COLM.
All arrays are stored in a file fsgeom.dat
Macromodule CaCoe calculates the coefficients of difference equations in subdomains. Coefficients
are stored for each near node to the boundary, as well as for each node, which lies on the boundary
with the Neumann condition. It should be emphasized that for the boundary nodes with the Neumann
condition are constructed grid equations and they are the values of the desired function, and for the
boundary nodes with the Dirichlet condition this macromodule is responsible for sending the values of
this function whith are defined at the external boundary to the array RUNG. Initial data are contained
in the files era.dat, point.dat, fqgrid.dat, fscalar.dat, fgeom.dat. Output data:
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• scalars in the file fscalar.dat, complemented with new values,
• array RUNG.
Macromodule SolverU realizes an iterative process of subdomains, and macromodule Service is a
quasistructured grids for the image and display isolines solutions.
5. THE GRAPHIC INTERFACE FOR INITIAL DATA AUTOMATION
The main objective of the graphic interface for the solving the boundary value problems on
quasistructured grids is a convenient way of setting and editing the geometrical and functional
information about geometry of the computational domain, boundary conditions and quasistructured
grids on which calculations are carried out.
The interface structure includes the following components: a graphic window of visualization, a menu,
a toolbar with buttons of management, the dialogue boxes.
The graphic window of visualization serves for displaying the geometry of the computational domain.
The menu serves for managing the data files and, also, for choosing the drawing elements in a
visualization window and contains the points: File serves for creating, saving and opening files;
Editing serves for editing the provided information; Data serves for setting a system of coordinates, a
quasistructured grid and the boundary conditions; Processing serves for starting the process of solving
the defined boundary value problem; View serves to specify the scale, which determines the number of
pixels per unit length, and the background grid, which is rectangular and serves as a reference when
drawing an area; Wizard serves setting all data about the problem in a step-by-step mode and, finally,
Help.
Toolbar contains 16 buttons of management divided into four groups. In the first group, there are 3
buttons for operating files. In the second group, there are 3 buttons for model increase/reduction in a
graphic window. In the third group, there are 8 buttons for the input and editing of a domain. In the
fourth group, there are 2 buttons for viewing numerical parameters of the problem. All the buttons
have emerging tooltips.
Dialog boxes are intended for input/output of information associated with the problem. The boxes
consist of titles, buttons of managing of a window (curtailing, restoring, closing a window), fields for
input/output, buttons of confirming of the operations executed in a window.
The user has a possibility to work with the graphic interface in the two ways: 1) to set a necessary
information, addressing to points of the menu and to buttons of the toolbar, in a sequence defined at
one’s choice, 2) by means of the Wizard, which consistently opens a necessary dialogue box.
The basic operation which is most often applied in the interface is the input of a geometrical object,
that is, a straight line or a circle arc. A closed sequence of geometrical objects forms a contour of
computational domain boundary.
For the input of a geometrical object three ways are possible: 1) graphic, 2) numerical, 3) graphicnumerical.
First, let us consider the input of a straight line. A simple way of inputting is graphic. It consists in the
following. The corresponding button on the toolbar becomes active, which is indicated by the mouse
showing the initial, and the final points which are then automatically connected. Coordinates of the
mouse cursor are displayed in the left bottom corner of the screen with mouse moving.
It is possible to allocate any point or a group of points. The allocated point is represented by a square,
while not allocated point ─ by a circle. Building the next piece of a straight line is carried out by
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indication to one new point which automatically connected with previous allocated point, and then it
becomes allocated.
The numerical way of building a straight line consists in setting the coordinates of two points in a
special dialog box, which then are connected.
The concept of basic points is introduced. The basic points are such points which register in a special
table, and then can repeatedly be used in the geometry description.
Building an arc of a circle is similarly carried out. Essential difference from a straight line is that in a
dialog box which appears to activization of the corresponding button, there is a possibility of setting a
radius of a circle.
Certainly, when building a computational domain boundary contour there is a possibility of connecting
of pieces of straight lines and arcs of circles by above described the ways.
Any geometrical object can be allocated. It is provided by two ways. The first way: with a mouse
construct a subdomain as a rectangle or a circle. Then all the objects which are completely inside a
given subdomain are considered to be the allocated objects. The second way consists in consecutive
allocation of objects by means of the mouse (similar to the point allocation). The allocated object is
represented by red color unlike a non-allocated object, which is represented by black color.
Boundary conditions for the problem in question are set by indication of their types in a special dialog
box, allocation of geometrical objects and indication to a concrete condition on the allocated objects.
The input of quasistructured grids is carried out in a special dialog box and includes two stages: 1)
building a rectangular macrogrid  H defining domain decomposition, 2) building subgrids  h,k in
the subdomains formed at the first stage.
The input information can be subject to editing which is carried out either graphically or by changing
of numerical data about objects. The first graphic way of editing consists in allocation of one object or
several objects, their moving and / or changing of their position and size. For realization of the second
way of editing, a special dialog box, which contains a table of numerical data about objects, the kind
of a piece of a line, coordinates of points of the beginnings-ends, a circle radius (if necessary), number
of a boundary condition. Editing in this case consists in changing the numerical information in the
table. Any object can be removed.
The input information is exposed to the analysis of completeness and compatibility. A warning
message is displayed in case of error detection.
An important feature of the present graphic interface allowing inexperienced user to considerably
simplify the work with it, is the possibility of setting the information by means of special Wizard.
Making active this function, the user does not care of opening dialog boxes. This is done by Wizard
which consistently opens the dialog box intended for the input of the information and is supplied with
tooltips.
The input information can be saved on a disk in a file with an original name, and then be read out from
the disk.
When finished the input and editing graphic-numerical data are converted into numerical information,
which then is used computational modules of the package.
6. EXAMPLES OF NUMERICAL CALCULATIONS
Consider the following test problem:
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The electric field is calculated in a quarter of a cylindrical condenser. Here T is a current point,
1  1,1  1, 2 , where 1,1 , 1, 2 are a quarter of concentric circles with radius R1  0.1 and R2  1 ,

0, T  1,1 ,
2 are straight line segments parallel to the coordinate axes, g  
1, T  1, 2
Fig. 1 shows quasistructured grids, on which the calculation is carried out, and a picture of
equipotential lines (a darker color filling corresponds to a greater potential).

Fig. 1. Quasistructured grids and an electric field in a cylindrical condenser
Fig.2 similar to Fig 1 shows quasistructured grids and the result of calculating the electric
field in an electron gun
Fig. 2. Quasistructured grids and a picture of an electric field in an electron gun
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Abstract
The feasibility of rod manufacture from construction titanium alloy using radial forging on a highduty machine SXK16 was investigated. The investigations were carried on for titanium rod samples
using the methods of metallography, electron transmission microscophy and X-ray analysis. The
results obtained are described herein. It is found that radial forging results in the formation of
homogeneous fine-grained structure.Using radial forging process, high-quality items are produced.
As-worked material has submicrocrystalline globular structure and an optimal α:β phase ratio.
Besides, the technology is more cost-effective relative to conventional flow charts.
Key words: forging, titanium alloy, fine-grain structure, substructure, pore size
1. INTRODUCTION
Stringent requirements are imposed on modern construction materials to suit the increasing demand
for constructions, which have low specific weight and combine high structural strength and high safety
margin. In particular, titanium base alloys have high specific strength combined with high ductility
and high corrosion resistance; therefore, these materials enjoy wide use in various branches of industry
(Ilyin and co-workers, 2009, Muravyov and co-workers, 2009, Jaffee, 1958). Additional requirements
imposed on these alloys are high fatigue and high wear resistance; besides, these materials have to
withstand extreme conditions, e.g. dynamic and repetitive alternating loading. And last but not least,
high-strength zirconium alloys should have satisfactory formability, in particular, by the manufacture
of semi-finished and end products. The above problems can be best approached by the use of severe
plastic deformation to form submicrocrystalline structure in metals and alloys having grain size < 1
μm (Bratukhin, 2009, Shorokhov and co-workers, 2006).
The investigations were carried on for titanium alloy containing α- and -phases, which is employed
for the manufacture of hardware for the aircraft industry using cold upset process (see, e.g. Ilyin and
co-workers, 2009, Muravyov and co-workers, 2009). It is required that a material from which
hardware is produced by cold-work combine satisfactory formability with sufficient strength. To meet
these requirements, strict quality control is exerted for the billets to be worked by cold upsetting, i.e.
the material’s porosity, degree of grain structure dispersion and β-phase content are determined.
Traditional processes employed for billet manufacture involve hot rolling on a section mill and
secondary machining operations performed on the billet to provide a low-porosity billet having fine
grain structure. However, these processes have a grave disadvantage: the gas-saturated and oxide
layers have to be removed from the billets, which results in significant processing loss.
Therefore, the process of cold radial forging might be an alternative to billet manufacture processes
employing hot rolling and subsequent cold upsetting. In principle, the material treated by severe
plastic deformation on modern radial-forging machines would acquire a submicrocrystalline structure,
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enhanced strength and a greater degree of plasticity relative to the original material. Besides, the rods
produced from this material by cold radial forging have high-quality surface, which requires no
secondary machining operations (Bratukhin, 2009).
2. MATERIAL AND INVESTIGATION METHODS
The studied material is a high-strength titanium alloy of martensite type, which undergoes thermal
hardening. The alloy has a conventional coefficient of β-phase stabilization equal to 0.8 (see, e.g.
Collings, 1984); its chemical composition is presented in Table 1. The evolution of grainsubmicrograin structure and the phase composition of material within the deformation nuclei were
examined for test samples of titanium alloy rods produced by cold radial forging after each pass, i.e.
20→16 mm and 16→10 mm.
Table 1. Chemical composition of the alloy (% by weight)
Al

Mo

V

C

N

Fe

Si

H2

O2

Ti

3.3

4.6

4.5

0.05

0.01

< 0.01

 0.10

0.007

0.14

Remainder

Fig. 1. Passes 20→16 mm (a) and 16→10 mm (b) by radial forging
and a scheme of cutting of samples 1-10
Figure 1 shows the scheme of cutting test samples from the deformation nuclei, the sample number
increasing with the shrinkage (see Table 2). The areas described by the bold lines correspond to
sections prepared for metallographic examination using a standard procedure. First non-etched
sections were examined by optical metallographic method (a Neophot-21 microscope); then the same
sections were etched using aqueous solution of hydrofluoric (3%) and nitrous acid (3%) (see, e.g.
Beckert and Klemm, 1984). Examination of the test samples was also performed by the methods of
electron microscopy and X-ray diffraction analysis.
The grain-submicrograin structure of the alloy was investigated by the thin-foil method (see, e.g.
Tomas and Goringe, 1979) on an electron microscope EM-125 with the accelerating voltage 125 kV.
The foils were cut out of the metallographic sections. The X-ray diffraction analysis was performed
for the samples which had been cut out in accordance with the scheme illustrated in Fig. 1. The
sections were polished electrochemically to relieve the internal stresses that had built up during the
preparation of sections and to remove oxides from the section surface. An X-ray phase analysis was
performed in accordance with the Bragg-Brentano scheme (θ – 2θ) in the interval of angles 100 < θ <
1250 (see, e.g. Guinier 1956); the recording was carried on by 0.10 steps with the exposition of 5 s per
point on a DRON-3 diffractometer operating in Сu K radiation with К filter. The decoding of
diffraction images was performed on a ‘Crystallographica Search-Match’ device (Version 3. 1. 0. 0).
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Table 2. Material porosity and grain size vs shrinkage
Sample
No.

Shrinkage,
K, %

Pore density,

Maximal pore size, μm

-2

mm

Grain size (arbitrary
units)

Along
billet axis

In the nearsurface layer

Along
billet axis

In the nearsurface layer

Along
billet axis

In the nearsurface layer

1

0

771

325

18

3.5

6

4

3

17

542

274

9

3

5-4

3

5

20

362

244

2.5

3

4

3-2

7

23

297

202

2

2

3-2

2-1

8

38

183

149

1.5

1

2

1

10

50

102

98

<1

1

2

1

3. DISCUSSION OF RESULTS
3.1. Metallographic analysis
It is found that the non-etched sample 1 has the highest porosity and loose texture along the central
portion; evidently, the large-sized non-equiaxial pores had formed at the previous process stages (Fig.
2 a and b). The pore density in the near surface layer of the billet is significantly lower relative to the
central portion, with the pores having oval shape and sizes 0.2…0.5 mm. After two passes of radial
forging, the material porosity grows less in the rod bulk, with a large number of pores still remaining
in the central portion. For the shrinkage (K) as low as 20%, sample 5 has no loose texture in its central
portion; however, chain-like pore clusters have formed in the sample bulk. With increasing shrinkage,
pores of the same size would form in both the central portion and the near-surface layer. The radial
forging process completed, both the central portion and the near-surface layer (sample 10, K = 50%)
have uniform pore density and maximal pore size ≤ 1 μm (see Fig. 2 c and d).

256

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu

Fig. 2. Porosity in the alloy: (a) sample 1, surface layers; (b) sample 1, billet axis; (c) sample 10,
surface layers; (d) sample 10, billet axis.
The structural and phase state of the alloy was examined metallographically. The results obtained for
different K values are presented in Fig. 3 a through e. All the metallographic samples have one feature
in common: the material along the billet axis has preserved a coarse grain structure. At the preceding
process stages (K = 0; Fig. 3 b) a structure containing α- and β-phases formed within the original βphase grains so that sample 1 has a lamellar coarse grain structure and grain size of 6 units in its
central portion (Borisova and co-workers, 1980, Moyiseev, 2001), while the near-surface layer has a
more disperse structure and grain size of 4 units. In both the central portion and the near-surface layers
the material structure has varying grain sizes (Fig. 3 a). A marked change is observed in the
morphology and structural element size of sample 3 (Fig. 1), which was cut from the middle portion of
a deformation nucleus after the first pass (K = 17%; 20→16 mm). With decreasing grain size,
transformation of a lamellar structure to a globular structure would occur in both the near-surface
layers and along the rod axis (Figs. 3 c and d, respectively). For K = 20%, about 4/5th of the nearsurface layer material (sample 5) acquires a fine-grain globular structure (grain size 2...3 units), while
the material in the axial portion (~1/2…3/5) still has a globular structure (grain size 4 units), with the
structural components having different sizes.
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Fig. 3. A gradual decrease in the material’s grain size by radial forging: (a) sample 1, surface layers;
(b) sample 1, billet axis; (c) sample 3, surface layers; (d) sample 3, billet axis; (e) sample 10, surface
layers; (f) sample 10, billet axis

After the second pass (16→10 mm) samples 7, 8 and 10 were cut from the billets. The material in
these samples has practically the same grain size. The non-uniform globular-lamellar structure
observed in the near-surface layers of sample 7 (K = 23%) is found to be replaced by a near-uniform
globular structure observed for sample 10 (K = 50%). As is seen from Fig. 3 e, the material in nearsurface layers has a uniform globular structure and average grain size  0.1 m (sample 10; grain size
1 unit), while the material along the billet axis (Fig. 3 f) has a non-uniform structure with about 1/4th
of grains of a lamellar structure, with the average grain size 0.2…0.5 m (sample 10; grain size 2…3
units). It is thus concluded that by radial forging, a globular submicrocrystalline structure would form
in the entire volume of (α+β) titanium alloy rod.
3.2 Evolution of fine structure of the material by radial forging
The results of transmission electron microscopy are demonstrated in Figs. 4 through 6. As is seen from
Fig. 4 a and b, the original billet microstructure contains colonies of parallel α-phase plates, which are
equiaxial within the original β-phase grain and are separated by interlayers of residual β-phase. The αphase plates and β-phase interlayers have a well-developed dislocation structure, with some ‘spotty’
structure resulting from poor solubility of alloying elements in the solid α-phase solution. In the nearsurface layers there are areas, which have a disperse structure and which are a mixture of α- and βphases (Fig. 4 c); these are characterized by high dislocation density and inhomogeneous composition.
These areas alternate with the remaining fragments of α- and β-phase colonies that had not
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disintegrated during the deformation (Fig. 4 d). The structural elements have average cross-section ≤
0.5 m.

Fig. 4. Microstructure of sample 1: (a) and (b) billet axis; (c) and (d) surface layers
By radial forging, distortion of α-phase plates and β-phase interlayers would occur in the originally
inhomogeneous billet structure (Fig. 5) as well as disintegration of α- and β-phase colonies and
dispersion of the material structure. The ‘spotty’ contrast of the light-field image suggests that due to
poor solubility of secondary phases, α-phase solid-solution precipitates would form within the
structural components. For K = 20%, most of the near-surface layer is composed of α- and β-phases
with the average cross-section of structural elements ~ 0.3 m (Fig. 5 c and d).
As a result of severe plastic deformation, in particular, radial forging, the material undergoes
recrystallization; as-treated material has a disperse uniform structure composed of α- and β-phases,
with structural elements having sizes 0.05…0.3 m (Fig. 6).
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Fig. 5. Microstructure of sample 5: (a) and (b) on one half of the billet radius; (c) and (d) at 1-mm
depth from the billet surface (microdiffraction image suggestive of occurrence of fine disperse α- and
β-phases)

Fig. 6. Microstructure of sample 10 (axial portion): (a) and (b) light- and dark-field images,
respectively (microdiffraction image suggestive of fine disperse structure and of occurrence of α- and
β-phases)
3.3. X-ray phase analysis
The X-ray phase analysis was performed for samples 2, 4, 5, 8, 9 and 10. The X-ray photographs
obtained for the test samples are typical for diphase materials. These suggest the presence of hcp -Ti
and bcc -Ti having the following lattice characteristics: a = b = 0.29487 nm, c = 0.46857 nm and a =
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0.3231nm, respectively. A slight discrepancy between the observed data and those reported for pure
titanium in, e.g. Zwicker, 1974, must be due to the occurrence of alloying elements dissolved in and - phases.

Fig. 7. Volume fraction of -phase vs shrinkage by radial forging
Of particular importance is a variation in the phase composition of titanium alloy VT16 due to radial
forging, in particular, in the volume fraction of bcc -phase (Fig. 7). This finding is based on the ratio
of experimental and calculated (Lysak and Nikolin, 1975) intensities of the spectral lines 102 and 200,
which were observed for different K values for - and -phase, respectively. It follows from Fig. 7
that for K ≤ 20% (beginning of forging), the volume fraction of -phase is ~1/3, which exceeds the
allowable level specified for the studied alloy (Ilyin and co-workers, 2009). For K = 50%, the volume
fraction of -phase decreases to the specified allowable level of ~1/4. The above variation in the
volume fraction of -phase is due to the deformation-induced martensitic transformation  that
takes place in the course of radial forging. It is found that although original sample 2 contains an
insignificant amount of martensitic -phase, the stable -phase prevails in the bcc structure. The
volume fraction of meta-stable -phase in samples 9 and 10 is comparable to that of -phase.

Fig. 8. X-ray diffraction patterns of samples 5 (a) and 10 (b)
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As a result of radial forging, the texture that had formed by hot pressing is eliminated (Fig. 8 a), which
is suggested by the similarity between the diffraction patterns obtained for sample 10 and annealed
fine grain material (Fig. 8b). The former shows 002 and 004 lines of -phase, which are absent from
the diffraction patterns obtained for other samples worked by radial forging to lower K values.
It should be noted that the rods produced by radial forging have adequate geometric parameters and a
satisfactory degree of surface roughness. Compare the surface roughness 3…8 m and the ovality
 30 m against the respective values of  10 m and  40 m that are specified for rods 10 mm.
4. CONCLUSION
The data presented herein suggests that by cold radial forging, the original inhomogeneous lamellar
structure of rods manufactured from (α+) titanium alloy would transform into near-homogeneous
globular submicrocrystalline structure having grain size 0.05…0.3 m (1…2 conventional units).
Moreover, as-worked material has an optimal ratio of α- and β-phase (by volume). The finished items
(rods) have satisfactory surface roughness and adequate geometrical dimensions, which makes
unnecessary their mechanical treatment. Thus, the application of cold radial forging process holds
much promise for development of new highly effective technology for the manufacture of billets from
the alloy Ti-3Al-4.5V-5Mo, which are intended for the production of hardware by cold-work.
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FEATURES OF CHEMISTRY NATURAL GOLD NANOTUBES (PRIMOR’YE)
V. P. Molchanov, E. I. Medvedev.
Far East Geological Institute, Far East Division, Russian Academy of Sciences, 100-letya prospect
159, Vladivostok, 690022 Russia

Abstract
A unique association of native gold amalgam, cinnabar, native metals, cohenite and moissanite has
been first found and described within Fadeevka ore placer knot. To study structure and composition of
above listed phases a scanning electron microscope was used. Cinnabar and auramalgam are
characterized by heterogeneous composition within one grain. A microporous structure is conditioned
by fractality revealed in a number of mercury-bearing micro nuggets. Nonuniformity of composition,
fractality of microstructure and presence of carbides in association with cinnabar are indicative of
non equilibrium character of the association. Native metals are represented by spheroids of almost
pure Fe and Cu and aggregated microflakes of Zn with carbonaceous nanospheroids on its surfaces. It
was inferred that the association under study crystallized during the process of gas condensation of
endogenous hydrogen- hydrocarbon fluids.
Key words: Gold, mercury, nanotubes, nanosferoidy.

Recently, the volume of publications dedicated to the nanomineralogy of gold has increased
significantly in the geological literature [1, 2]. Although there is wide coverage of the problem as a
whole, we note that there is a lack of information on the natural nanostructures of gold. Investigations
of ultrasmall amounts of rock material sampled from the occurrences of rocks and deluvial sediments
of the Fadeevskii ore_and_placer cluster (Fig. 1) located at the boundary between the Khankayskii and
LaoelinGrodekovskii territories [3] may make up for this lack of information.
In the lower part of the stratified section of the investigated area, basalt–siliceous–tuffaceous,
siliceous–clayey, argilliferous, and tuffaceous–sandstone sediments (S1–2) occur. They are overlapped
by volcanogenic–sedimentary strata of Permian age (P1–2). The rocks of the volcanogenic–terrigenous
complex, including black shales, are intruded in the south by large massifs of granitoids. In the north
they are intruded by small bodies of gabbroids and syenites [4].
Silver_bearing gold, minerals of platinum group metals (first of all, isoferroplatinum) as well as
sulfides (pyrite, arsenopyrite, sphalerite, galenite, molibdenite), kassiterite, volframite, and minerals of
bismuth were found among the minerals of heavy crop schlichs of loose sediments of the Faddevka
(watershed system of Razdol’naya River) and Zolotaya (basin of the Nesterovka River) rivers draining
granitoids and black shale stratum in the southern and northern parts of the area, respectively. A
significant part of black schlich consists of ilmenite, magnetite, chromespinellides, garnets, rutile, and
sphene. The presence of the unique association of natural mercury_bearing gold, cinnabar, native
metals, and carbides is a unique feature of northern placers [5].
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Fig. 1. Location of the Fadeevskii ore_and_placer cluster.
The authors investigated gravity concentrations obtained from large weight samples of rebearing rocks
and deluvium taken from the basin of the Polikarpikha and Tolstokulachikha rivers, as well as from
the right tributary of the Zolotaya River. Application of the methods of scanning electron microscopy
revealed covers of nanosized aggregates of natural ercurybearing gold (Fig. 2a). The predominant role
in their crystallization is played by a film partly cover ing the surface of separate ilmenite crystals.
Fragments of this film reach 60–80 μm in size with a width of 100–200 nm. The elemental
composition of the film nanomaterial (Table 1) is rather unusual: besides Au (85–88 mass %) and Hg
(3–5 mass %) that deter mines the species composition of grains, they contain N, C, O, Ti, and Fe in
quantities not exceeding first mass %.
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Table 1. Chemical composition of nanoindividuals of mercury_bearing gold, mass %

Element

Film

Tube I
lower
part

Tube II
upper
part

lower
part

Spire
upper
part

lower
part

upper
part

Spheroid

C

2,29

2,4

6,57

3,59

3,55

3,82

6,53

10,12

6,27

N

3,63

-

-

-

-

-

4,56

-

-

O

1,96

2,1

6,48

3,82

3,47

2,18

4,69

2,58

13,1

Al

-

0,3

0,38

-

-

1,08

-

-

3,55

Br

-

-

-

0,89

-

-

-

-

-

Si

-

-

-

-

-

-

-

-

3,18

Ti

-

2,2

0,49

-

1,2

0,4

-

-

-

Fe

-

3,6

1,75

1,36

1,78

1,9

-

-

2,85

Rb

-

-

-

1,92

-

-

0,81

0,67

-

Au

87,8

85

81,6

88,42

84,9

85,6

83,41

78,58

65,3

Hg

4,32

4,4

2,73

-

5,1

5,02

-

8,05

5,75

Note: Dash means that the content of the element is lower than the threshold of sensitivity of the scanning electron
microscope EVO–50 XVP.

Metallic films of nanosized width are widely distributed structures. This allowed A.B. Makeev, et. al.
[6] to propose a hypothesis about the formation of diamonds in the mantle from the carboncontaining
melt of native metals. Besides metal films, it was established that diamonds contained primary
inclusions of ilmenite at their surface. Several deposits of Russia contain platinoids (isoferroplatinum),
gold amalgam, native mercury, chromespinellides, lmenite, and garnets among the diamond accessory
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minerals [7]. It is practically the same mineral spectrum as in the heavy crop obtained from the placers
of the investigated ore cluster.

Fig. 2. Covers of mercury_bearing gold (light) at ilmenite (dark). Scanning electron microscope EVO–
50 XVP.
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The three following types of nanosized individuals were identified during detailed investigation of the
metal films (Fig. 2b): tubes, spires, and spheroids. Tubular formations are most widespread. Their
length reaches up to 6–7 microns with the outer diameter reaching 0.8–1.0 micron. The width of the
walls of tubular formations does not exceed 100 nm. The main component of nanotubes (Table 1) is
Au (80–89 mass %) with minor amounts of Hg (2–5 mass %). Definite trends in the distribution of
these elements within the nanotubes as well as within nanofilms are not revealed. The heterogeneity of
the composition of these nanosized formations is likely due to their crystallization from the gaseous
phase of orebearing fluids [8].
The set of the main trace elements in nanotubes is similar to that of nanofilms: C, O, N, Ti, and Fe
(0.5–2.0 mass %). Al, Rb, and Br occur rarely (up to 2 mas %). It is notable that the contents of Ti and
Fe in nanotubes decrease if we measure them farther from ilmenite as mineral matrix. This may be
explained by the peculiarities of their syngenetic origin. Moreover, nanotubes reveal an inverse
negative relation between the contents of N and O.
The origin of nanosized individuals of the second type (spires) is connected with process of
helicoidization of nanoindividuals (formation of microscopic spires, helicoids) beginning from the
electron atomic structure [9]. The structural peculiar features of crystallizing matters (presence of
helical axes), structural defects, and epitaxial effects (formation of thin films at the surface of crystal)
may be reasons, among others, for helicoidization. The length of helical individuals reaches 3–4 μm
and 100–200 nm in diameter (Fig. 3a). The composition of nanospires is similar to that of nanotubes.
The change in chemistry is connected with a decrease in Au concentrations (78–83 mass %) and the
lack of Fe and Ti (Table 1).
Another interesting observation is connected with the discovery of spheroidal individuals with dimen
sions less than 100 nm (Fig. 3b). Their elemental composition is similar to that from the above
mentioned varieties. This is evidence of the similarity of ore-beaing fluids from which they originated.
The spheroids are depleted in Au (up to 65 mass %) and enriched in the following admixtures: O (13
mass %), C (7 mass %), and Si (3.2 mass %), which may reflect general trends in the formation of
different types caused by the influence of the matrix’s composition.
Two reasons for the formation of the unusual nanostructures are proposed for consideration:
hypogenetic and hypergenetic. The first is based on the supposition that the association of ilmenite
with mercury bearing gold has an endogenetic nature and is spatially connected with deep faults
(formed in the mantle) as ways of degassing of the liquid core of the Earth. According to the published
data [10], the mantle fluid is highly saturated with carbonaceous compounds, hydrogen, and nitrogen.
The qualitative composition of the mantle gases testifies to the reduction conditions of mineral
formation.
Apparently, regions of gold amalgam may trace deep faults used by Hg_containing fluids where
mercury associates with the “mantle” helium [11, 12]. It is likely that occurrences of nanoparticles of
natural mercury_bearing gold may be considered as evidence of the fluid degassing of the Earth
revealed in the process of tectonomagmatic activization in the sedimentary cover of remote areas of
the Khankayskii territory.
In essence, the nanofilms, nanotubes, nanospires, and nanospheroids investigated are similar in
composition with dry reduced fluids of mantle origin. Evidences of that may be the similar behavior of
components in gold nanostructures and gases from kimberlites [10].
The formation of gold nanostructures at the surface of ilmenite may be caused by the influence of
local electromagnetic fields arising in the process of their mutual transportation. According to the
reference data, ilmenite has ferromagnetic features and can be attributed to minerals with a high level
of magnetic susceptibility. On the contrary, macroscopic gold has diamagnetic features and reveals
negative magnetic susceptibility. At the same time, according to the data of Japanese researchers [13],
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nanoparticles of gold may reveal ferromagnetic features. The electromotive force may be rather small,
but the formed electric field may be enough for the appearance of thin films of mercury_bearing gold
at the surface of ilmenite grains. Another mechanism of formation of gold nanostructures is also
possible.

Fig. 3. Nanotubes (1), nanospheroids (2), and nanospires (3) of gold. Enlarged fragment of
nanostructure (b) is marked by the frame (a). Image in backscattered electrons.
Based on the hypothesis of A.B. Makeev et. al. [6] it may be proposed that the growth of ilmenite
occurs in the mantle right after the diamond from the carbon containing melt of native metals. The
concentrations of carbon in the investigated grains of ilmenite reach 3.0 mass % and 10 mass % in
gold nanostructures. Transportation of ilmenite with covers of mercury bearing gold (as well as
platinoids) may occur with the assistance of intrusions of ultrabasic rocks. This way was noted earlier
by S.A. Shcheka et al. [14]. Another model is connected with the supposition that gold nanostructures
near ilmenite grains may form in hypergenetic conditions by the way of reduction of metals from
compounds of gold and mercury dissolved in water. This version seems to be unlikely because phase
change during the formation of nano_
tubes, nanospires, and nanospheroids needs higher temperatures than in the hypergenesis zone.
However, investigation of the possibility of participation of these processes in the formation of
nanostructures is of significant scientific interest because such experiments
are performed by the laboratory of Nature. As regards the applied science, the discovery of
gold nanostructures near ilmenite grains opens up broad possibilities for different types of
nanotechnologies. Comparison of the investigated natural and synthesized [15] gold nanotubes reveals
their almost entire inner and outer similarity. This fact is evidence of the similarity of growth
processes of natural and artificially obtained nanoindividuals. Due to their unique electrophysical,
physicochemical, and geometrical features, gold nanotubes are a highly prospective material for use in
different spheres of science and technology. The development of methods of gold nanotube production
is one of the leading directions in the chemistry of nanomaterials. Data obtained from natural
nanoobjects may be useful during creation of
the technology of artificial nanotubes synthesis.
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Abstract
The overall aim of this article is to outline the progress of the research on how to develop an
economically and scientifically justified backhoe buckets boreholes renewal technology by using
mobile on-site technological equipment. Today the new mobile (in-situ) repair technologies are
extensively used for the specialized equipment and machinery repairs. This repair technology is
deployed directly on the damaged product: repair equipment is installed by using specialized
centering devices. The bucket bores central axes are used as a reference base and damaged layer of
material is removed mechanically applying turning operation. Subsequently the renewable surface is
covered by new material layer by means of regular MIG/MAG welding. The last technological
operation is final turning to the nominal diameter. Outlined renewal technology should meet high
expectations – this necessitates in-depth and systematic study of pins and bores which are the most
repaired objects of shovel bucket excavators. Therefore, research on established accuracy and
technical requirements, both for the repaired unit and technological equipment in line with in-situ
repair technology specifics, has been done. It was supported by impact analysis of the technological
regimes to surface integrity with ambition to provide practical recommendations for the optimal
choice of the technological regimes.
Key words: in-situ repair technology, surface integrity, technological parameters

1. INTRODUCTION
Today in-situ repair technologies, supported by wide range of advanced equipment are providing
excellent opportunities to considerably reduce overall repair costs. This in turn is prolonging
significantly total life cycle of many industrial machines. Certainly these innovative technologies are
requiring solid initial investment, yet in normal circumstances are rapidly paying back. In engineering
practice it means that in-situ renovation machines are literary giving the second life to heavy loaded
industrial units, such as buckets frames and hydraulic manipulators. The excellent advantage of these
mobile technologies is the capability to repair the major large size units without dismantling them
completely from the machine. Furthermore, these damaged parts can usually be repaired on excavation
field and their transport to the workshop is not any longer required. This considerably shortens overall
repair time and allows for much faster recovery of the excavation machine. Finally for all involved
parties aforesaid know-how is providing considerable economy of financial resources and manpower.
Nevertheless, this mobile repair technology is having its limitations and difficulties too. These are
mostly inherited difficulties related to surface integrity and surface quality, naturally arising from
initial basing of the equipment and applied technological regimes. Hence this study is needed to
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further develop the renovation technology of the digging shovels and is devoted to the backhoe bucket
bores which today are the most repaired working surfaces of excavation machines (see fig.1 – axis 1
and 2).

Figure 1 – Backhoe bucket bores
This article is covering the analysis of the renovation technology, bearing in mind the most important
factors which are influencing the machining process. In the same time established technical
requirements should be observed and respected when using this innovative repair technology.
Naturally, the above mentioned renovation technique should meet all established precision and the
high durability requirements. The output quality of repairs must ensure adequate operating
performance and duration: in fact as for the new bucket. Surface roughness parameters and
geometrical tolerances should respect the manufacturer's requirements or even exceed some of them.
All this requires in-depth, systematic study of the buckets bores which on top of previously mentioned
tough requirements are also the most heavily loaded parts of the buckets. In order to obtain
comprehensive picture scope of this study should be extended to the common technical requirements,
including: size tolerances, surface properties, surface roughness and cross-tolerances.
It goes without saying that accuracy of the reconstruction process has a direct impact on the final
product. For the purpose of solving the main problems in the renovation process, the following issues
should be addressed:


In-depth technical requirements analysis;



Detailed description and analysis of the production process;



Accuracy requirements for the elaborated technological equipment;



Analysis of the technological operations impact to the repaired unit surface integrity and
quality;
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3D surface roughness parameters should be considered.


2. ANALYSIS OF TECHNICAL REQUIREMENTS
Taking into account the large size of the bucket, the precision requirements set by manufacturers and
applicable standards are quite challenging and difficult to respect in field repairs: parallelism tolerance
0.02, perpendicularity 0.5 and axial precision of 0.02 mm. Precision between main axes is 420±0.05
mm (see Fig.1 and 2). General tolerances are prescribed according ISO 2768 – m, and particularly for
bucket bores with Ø80 00..076
030 , surface roughness shall be Rz = 25 μm and surface hardness HB160.

Figure 2 – Fitting dimensions – bucket

3. DESCRIPTION OF THE RENEWAL TECHNOLOGY
As it is mentioned above this mobile repair technology is realized by specialized equipment which is
fixed directly on the damaged backhoe bucket. Sophisticated cantering devices are designed, and the
bore central axes are used as a base (see fig.1.). The damaged layer of material is removed
mechanically by internal turning operation. When it is done, the renewable surface is covered with the
new material layer by conventional semi-automatic MIG/MAG welding. It is followed by final
renovation operation: finish turning into the nominal bore size. Portable boring machine
"Supercombinata SC1 40/1" (Italy) was used for this particular research [1].
Each element of this technology has a significant impact on the final result - surface integrity,
especially the last turning operation. For that reason it is crucial to ensure that each manipulation
delivers required quality. This should be adequately assessed and measured.
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Figure 3 – Fitting Tolerances – bucket
3.1. Installation of the technological equipment
This is the first and the most consequential of all the technological operations. This operation is so
important because the entire repair equipment is installed, fixed and adjusted only once and serves as a
reference basis for all the following technological operations. Hence initial accuracy has paramount
importance and it is imperative that it is double checked [2].
All installations and adjustments should be done in a way to reduce or remove any of resulting
deflections, so there is no residual influence on the final accuracy. The allowed mounting error
(installation tolerance) could be efficiently determined by analyzing requested or final tolerances. An
installation error in this case is composed by singular equipment elements: base deviation errors
towards backhoe boreholes surfaces and axes. Thus summary installation error can be computed by
using common measurement circuit calculations; this is covered within subsequent sections of this
article.
Principal elements required for repairs of digging pan are shown on fig.4. As said this equipment is
installed directly on the damaged backhoe bucket. This includes the main shaft, restraints and set of
centering cones, adjustment bolts and clamps, installation supports, etc. These accessories are
complemented with adequate measuring equipment, including micrometers and laser leveling devices.
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Figure 4 – Equipment installation scheme
Still in practice, it is extremely difficult to establish exact positioning of boreholes in relation to
base plane and to peripheral surfaces, without using highly sophisticated measuring equipment.
On top of that, surfaces which have to be repaired are usually severely damaged and cannot be
used as a reference. For this reason in most cases technological equipment is fixed on the backhoe
by using the peripheral surfaces as a main base (B – in fig.5). By peripheral surfaces we
understand the surfaces which are firmly linked with renewable boreholes.

Figure 5 – Installation of the equipment
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Initial installation of equipment serves not only as a principal basis of all subsequent manipulations for
the particular set of bores on one axel. This reference will be the same for all boreholes of bucket,
even in cases where damaged axes are not in parallel. Thus principally new reference datum for
boreholes is established and set-up (base error) is eventually eliminated.
It is important to bear in mind that during installation and all consecutive technological operations
special care should be given to the accuracy of equipment and stiffness as well as to its overall
performance. The following problematic aspects of installation could be encountered during repair
operations:


Substantially damaged reference base;



General set-up/installation error;



Incorrect assembly of technological equipment and its components.

Each of these deviations, if neglected, can negatively influence the outcome of repairs and for this
very reason shall be considered and scrupulously checked.
3.2. Turning of damaged borehole
In this phase of renewal technology, the damaged surface is machined by turning, in order to eliminate
the damaged (often irregular and/or elliptical-shaped) layer of material. The goal of this operation is to
obtain a regular cylindrical surface which later will be filled with qualitative build-up welding.
Although it does not seem obvious, this operation is no less important than others and should be
performed in good quality. Only then machined surface could be efficiently covered with MIG/MAG
welding. Hence the constant length of electro welding arc has to be delivered. Otherwise welding
might be of very low quality and borehole surface can be uneven and layer of the new borehole
material would not be homogenous. This operation is considered to be a preparatory one, but still has a
major importance. Complementary turning equipment is shown in figure 6 and consists of a main shaft
1, cutting tool 2 and the cutting tool positioning-fixating screws 3.

Figure 6 – Cutting tool fixation
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Internal turning of damaged borehole should deliver smooth and precise surface, yet with maximized
surface roughness. Rough surface formation is needed in subsequent build-up welding, to ensure better
welding fusion with primary bucket material.
Research revealed some problematic aspects of the above mentioned rough turning operation: it has to
face irregular allowance for machining, interrupted contact with surface and uneven strain hardening,
which are typical characteristics of the worn-out backhoe bucket borehole. These factors have
significant influence to the turning operation, resulting in uneven and irregular cutting pattern. It
means that all technological equipment and in particular the cutting tool as well as the main shaft have
to withstand great cyclic work loads and irregular impact load in the same time [3].
Therefore it is very important to determine the actual load effects on renovation equipment; especially
on its critical parts. This must be accompanied by rigidity and stiffness cross-checks. All this is strictly
related with defective product analyzes: the size and magnitude of the wear and tear, its nature and
mechanical properties. These problems at certain extent are addressed within this paper, yet more
attention is given to the successive technological operations.
3.3. Built-up welding
Also could be seen as a coating and should correspond to the material of backhoe buckets, which
usually are made of steel S355J2G3. Accordingly the welding materials (wire and gas mixture) have to
be carefully chosen and appropriate welding settings and regimes should be applied [4].
Technologically the build-up welding is done in several subsequent passages, building-up the
necessary topping layers. Thus a new material layer is being formed and then machined by finishing
turning. This final turning is delivering the end product: required geometrical parameters and
tolerances are obtained. Still built-up layer should meet or even exceed the same mechanical
characteristics as a new product (steel S355J2G3). Obviously welded layer of material should be able
to withstand all existing dynamic loads of exploitation and even some additional safety strength
reserve is required. Hence the eventual maximal load influence on backhoe bucket bores should be
calculated. Although this issue is not covered by this article, it has been confirmed analytically and
experimentally that chosen technology is able to fulfill the above mentioned criteria.
Build-up welding equipment of portable boring machine "Supercombinata SC1 40/1" consists of semiautomatic MIG/MAG welding apparatuses and standard set of equipment which is shown in Figure 7.
Where 3 – gas supply tube fitted with welding wire. It is maintained in position 2 by check nut.
Connected shaft is fixed to the main shaft of the machine by two bolts – 1. Welding nozzle - 5 can be
regulated and adjusted into desirable position according to technological needs.
Coating process is depending on several factors which are directly affecting the overall quality of the
renovated bucket bores. This is a reason why the most influential and thereby the most important ones
should be considered for the further evaluation. To find out correlations between expedient
technological regimes and obtained welding quality, series of experiments have to be conducted.
Appropriate data collection methodology and evaluation criteria have to be established. Necessary
measuring equipment and IT applications should be considered too. In order to proceed with this one
should investigate the chemical composition, hardness, and mechanical properties of built-up welded
material layer are. These components are essential to the further research.
Welding speed could be mentioned as one of the most important factors which are associated with the
creation of smooth layer of build-up material. Still the optimal values of welding speed (Vweld m/min)
can be established only empirically. Further very important factors are wire material itself and
protective welding gas. The best welding torch positioning angle could be found again experimentally
and require certain practical experience. On top of that, welding wire, gases, current strength and
actual feeding have to be compatible with backhoe bucket material too and are subject for assessment.
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Figure 7 – Installation of welding equipment
Industrial practice confirms that coating for wear protection present the larger of applications for
build-up welding. Here, alloys containing hard phases and pseudo-alloys with added carbides are used.
Appropriate alloy composition could provide corrosion and high temperature resistance for built-up
surfaces [5]. Four main groups of welding materials can be distinguished: nickel hard alloys, iron hard
alloys, cobalt hard alloys (stellites) and aluminum pseudo-alloys. For this case it appears that wire
EN440 G 4M 50 G2Mo with diameter of 1 mm is the most appropriate coating material for steel
S355J2G3. Comparison of respective chemical compositions is summarized in Table 1.

Chemical elements

Wire

Steel S355J2G3

EN440 G50 4M, %

max %

C

 0.12

0.18

Si

0.4 - 0.9

0.15

Mn

1 - 1.5

1.6

P

 0.025

0.03

S

 0.025

0.015

Ni

 0.2

Cr

0.2 - 0.6

Mo

0.2 - 0.6

Cu

 0.52

Al

0.015 /min/

Nb

0.09

V

0.1

Ti

0.22

Table 1 –Chemical composition of welding wire and bucket material
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Protective gas optimally should have the following composition: RU 439 with M21 = 20% CO 2.
When the chemical composition of gases and type of welding wire are known, one could proceed
with the evaluation of the most appropriate mechanical regimes, gas supply, strength of electrical
current, wire feed speed and welding speed. For this particular technology the most appropriate
welding regimes, proved by practice, are given in Table 2.

Gas supply

Electrical current

Voltage

l/min

A

V

Wire feed
speed

Welding speed
Vweld m/min

fwire m/min
15-20

250

30

8

0.7

Table 2 – Built-up welding technological Characteristics
Apart from the chemical composition the build-up material should possess similar physical and
mechanical properties to a base material S355J2G3. These important properties are provided in Table
3.

Tensile strength
2

N/mm

Min Yield
Strength

Impact resistance
at -20C0

N/mm2

J

355

27

500-620

Hardness
HB
160

Table 3 – physical properties of S355J2G3
Values obtained in the Table 1, 2 and 3 should be empirically evaluated and further experiments
should be conducted. There are no credible tools to evaluate correlations between welding processes
and build-up welding layer properties. For that reason empirical trials should be conducted with
different materials in order to obtain sufficient knowledge and to be able to provide sound
technological recommendations to the end user.
3.4. Turning to the nominal bore size
Is final technological operation and it should ensure required accuracy and surface roughness. Final
turning will be carried out removing step-by-step the necessary amount of the coated material layer.
Final result shall be controlled with the appropriate measurement technique. However, before final
turning is commenced it is important to know what the mechanical properties are and the workability
of the welded layer. It is important to remember that not only the geometrical tolerances and surface
roughness parameters but also mechanical properties should respect manufacturer’s recommendations.
Furthermore technological regimes of this final operation should be chosen very carefully and should
be supported by appropriate methodology which would easily allow linking these regimes with the
delivered qualitative results. Table 4 contains the manufacturers' technological regimes for turning
operations.
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Main shaft rotation
frequency

Feed

Cutting speed

Cutting depth

f, mm/rev

V, m/min

t, mm

0.002-0.15

20-60

0.001- (5)

N, rev/min
1st stage: 40 – 120
2nd stage: 120 –
400

Table 4 – technological characteristics of turning operation
These technological regimes are indicative only. The rotation speed of the main shaft can be
electronically regulated within broad interval of 0 – 2800 rev/min and other technological regimes can
be adjusted accordingly. All of the above mentioned elements: MIG/MAG welding, rough and fine
turning are subject to deeper evaluation and are covered hereafter.
4. ACCURACY REQUIREMENTS FOR DEPLOYED TECHNOLOGICAL EQUIPMENT
As a general rule the technological equipment must be at least one precision class superior to product
which will be machined. In this case the workpiece final tolerances are set according F8 or 1/100 of
mm. Accordingly turning machine and centering cones must be produced at fine precision of 1/1000
of mm. It is also important to stress that in this case the excentricity or axial error can be the most
important cause for overall defect of the renovated surface. Therefore it is important to ensure that
renovation equipment is properly centered according to the base surface of the bucket bore.
Sophisticated axial centering cones (see Fig. 4) are used in order to minimize the set-up errors and to
ensure that renovated surfaces will respect all the outlined precision requirements. The design of the
catering cone is provided in Figure 8. Where 1 – the main axe, 2 – centering cone, 3 – check nut, 4 –
adjustment-fixation ring.

Figure 8 – centering cone on the main shaft
Potential axial error e in these circumstances can be calculated by this equation:
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e  0,5S  TD  Td  Tdw 

(1)

Where, S – is minimal clearance between centring cone and workpiece (bucket bore). S = Dmin – dmax.
And Dmin – minimal diameter of the bucket bore, dmax – maximal diameter of the centring cone at the
contact point – see Figure 9. TD – tolerance of the bucket bore, Td – tolerance of centring cone and Tdw
– mechanical wear of the damaged bucket bore.

Figure 9 – axial error
Although special attention should be given to the installation of the technological equipment, practical
experience reveals that there are many other factors which might considerably affect the end result of
the bucket bore repairs. These factors are covered within the next sections.
5. ANALYZIS OF TECHNOLOGICAL OPERATIONS IMPACT TO THE SURFACE
INTEGRITY
Surface integrity is a discipline that involves several logical components: surface finish and freedom
from cracks, chemical change, thermal damage (e.g. burn, transformation, overtempting), and adverse
(tensile) residual stress. Still surface finish is the most important factor for the finishing operations [6].
Finish-turning, which is end operation of this particular technology, is characterized by relatively
small depths of cut and light feeds. The depth of cut is normally less than 1.5 mm and feed less than
0.15 mm/rev. The most important factors to observe in this finish turning are: a) dimensional accuracy,
b) surface finish, c) tool life.
Dimensional accuracy is mainly a matter of avoiding errors in longitudinal and circumferential form.
Errors in longitudinal form result from static deflection of the main shaft and workpiece under cutting
forces and thermally inducted stress in the machine. Errors in circumferential form result from run-out
of the main shaft and from vibration of the tool or workpiece. The accuracy achieved in this particular
case will mainly depend upon stiffness and stability of the machine tool. Extensive studies of dynamic
aspects of machine-tool performance confirmed that there are two distinctive types of finish
encountered in a turning operation: i) the finish produced by primary cutting edge and ii) the finish
produced by secondary cutting edge. The first one usually pertains to surface broaching and form
turning, while the second is characteristic of conventional turning using a tool having nose radius. In
conventional turning operation the finish left on the workpiece is produced by a secondary cutting
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edge that is separated from the primary cutting edge by a nose radius (Fig. 10). Use of a secondary
cutting edge to generate the finish surface is related with the sequential difficulties:

Ridges corresponding to the geometry of the tool at its nose and having a pitch equal to the
axial feed rate are left behind on the finished surface.

The undeformed chip thickness goes gradually to zero at the secondary cutting edge, and
this causes uncertainty in the geometry of the cut at the trailing edge.

A concentration of wear occurs at both free surfaces of the cut. The groove thus formed on
the end-cutting edge of the tool acts as a forming tool and leaves behind a cold-worked ridge on the
surface.

The metal at the trailing edge of the tool is subject to unusually high normal stress and will
flow to the side to relieve this stress. This in turn produces a furrow that contributes to the roughness.
In practical terms in order to perform the analysis of the technological operations impact to the
repaired unit surface quality the most important input and output parameters for each of the
technological process should be identified (see table 5). This will also help to better structure
experiments at the later stage.
Many empirical trials involve the study of the effects of two or more factors. In general, factorial
designs are most efficient for this type of experiment. Factorial design implicates that in each complete
trial or replication of the experiment all possible combinations of the levels of the factors are
investigated. For example, if there are a levels of factor A and b levels of factor B, each replicate
contains all ab treatment combinations. When factors are arranged in a factorial design, they are often
said to be crossed [7].

Input factors

Output
factors

technological
process

surface
integrity,
quality

Turning
regimes
V



Surface
roughness
parameters

r
f

Dimensional
accuracy

t
Tool life
Cutting tool
geometry
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Other factors
Equipment
installation
accuracy
BUE
System
stability

Welding
Gas supply

Material
properties
(chemical)

Electrical
current A
Hardness
Voltage V
Wire feed
speed fwire

Tensile strength

Welding nozzle angle

Min yield strength

Welding wire material
(chemical composition)

Impact resistance

Welding speed
Vweld

Table 5 – general model of the technological system
The effect of a factor is defined to be the change in response produced by a change in the level of the
factor. This is frequently called a main effect because it refers to the primary factors of interest in the
experiment. The aforementioned experiments analysis methodology should be kept in mind describing
technological operational regimes impact to the surface quality. It shall be deployed during
experimental work itself and when choosing the adequate analysis software. For both turning
operations (rough and finish) the following principal correlations should be determined - table 5.
5.1. Cutting tool geometry
Its impact to the surface roughness can be calculated taking into account tool nose radius r of the
cutting insert and side cutting edge angle and c) end cutting edge angle. Figure 10 shows view of a
turning operation with ridges left behind on the finished surface, so called feed marks.
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Figure 10 – cutting insert radius impact to surface roughness

Figure 12 illustrates the view of the tool tip (insert) which is defined in terms of three quantities: a)
nose radius r, b) primary (side) cutting edge angle – αc and c) secondary (end) cutting edge angle – βc.

Figure 11 – Top view of the cutting tool tip
According to Milton C. Shaw (2005), when the nose radius is large enough and the feed is very small,
the surface will be generated by the nose radius alone [5]. In this case maximum peak-to-valley
surface roughness can be calculated by the following equation:



Rmax  r  r 2  l 2 / 4



1/ 2



t2
8r

(2)

This equation can be transformed into non-dimensional form
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Rmax 1  t 
  
r
8 r 

2

(3)

The equation 3 is valid as long as this condition is respected:

t
0     2 sin  c
r

(4)

For larger feed values (this particular case) all factors should be taken into account: l, r and c, βc must
be brought in:

Rmax

  

r cos 45  c  c 
l
2
2 



 r (5)


tan  c  cot c

c
c 
sin  45   
2
2


or in non-dimensional form:

Rmax
r

  

l
cos 45  c  c 
2
2

r


 1 (6)
c c 
tan  c  cot  c

sin  45   
2
2 


This equation is valid when:

l
 cos  c  sin  c  cos  c  sin  c  cot  c
r

(7)

These equations are clearly illustrating tool tip radius and maximum peak-to-valley surface roughness
influence to ten-point mean roughness, which in this paper is abbreviated with Rmax. However, in
industrial practice ten-point mean roughness parameter Rz is used more than others. Although, this will
change soon and new 3D surface texture parameters will come into force, meanwhile an empirical
equation for prognosis of Rz values can be used:

Rz 

f2
8/r

(8)

where f – is feed mm/rev and r – cutting insert radius. In practice usually cutting inserts with r 0.5 mm
are used for the final operation, and usually delivering requested results.
5.2. Turning feed f
Is crucial factor which affects the end surface finish, not because of geometrical properties of the
working part of instrument but also thanks to elastic and plastic behavior (deformations) of the surface
layer. When f increases these deformations augment as well and this brings increase in the surface
roughness – see Figure 12. According to this correlation the optimal surface roughness values could be
obtained staying within reasonable intervals of feed between 0.05 and 0.12 mm/rev [8]. This is
feasible with the existing in-situ technological equipment and should be considered as a technological
recommendation, when possible.
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Figure 12 – Feed impact to RZ
5.3. Cutting speed V
Is one of the most important technological parameter which strongly influences the finish result
produced. The finish for turning with the lower speeds is very poor, particularly that produced by the
primary cutting edge. Much better roughness is obtained at higher speeds, particularly in the case of
surface generated by the primary edge. The finish obtained by use of a secondary cutting edge is seen
to approach that corresponding to the feed marks at a high cutting speed. Illustrative example of V
impact to the surface roughness parameter Rz – ten-point mean roughness is shown in Figure 13.

Figure 13 – Cutting speed impact to RZ
Cutting depth t will have only marginal influence to the surface integrity in the system stability is
sufficient [8].
5.4. System stability
The machining system can deviate from designed geometry in two general ways – static deflection
leading to inaccuracy of the machined part or dynamic instability leading to periodic errors such as
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waviness and roughness. Both deflections should be considered as a potential risk for the particular
technology and evaluated.
Static deflection may arise due to lack of stiffness of the machine structures (e.g. bearings), deflection
of workpiece or tool, differential thermal expansion, or dimensional instability of materials due to
changes in residual stress or due to a density change accompanying a structural transformation.
Dimensional accuracy of the machine tools may be improved by increase the precision of components
or by correcting residual inaccuracies. See accuracy requirements analyzes above.
Dynamic instability in which there is cyclic relative motion between tool and workpiece is of two
tapes – forced vibration and self exercised vibration. A forced vibration results when a cyclically
varying external load has a frequency that is close to one of the natural frequencies of the system
"tool-workpiece-machine-device". Vibration may be reduced by:


Elimination of the cyclic exciting forces;



Avoiding the coincidence of frequency of exciting force and natural frequency;



Increased stiffness.

Currently the surface roughness parameters are regulated by ISO standards that characterise the
surface roughness of a workpiece by means of two dimensions (2D). There are certain national
standards used by industrially developed countries and, on top of those, there is a well established
practice regarding these measurements in all the sectors of production engineering. Today USA has
found itself in the lead position by having already developed its own national surface roughness
standard ANSI/ASME B46.1-2002: Surface Texture, Surface Roughness, Waviness and Lay [9].
Previous standards and technical specifications were based on surface roughness measurements only
in 2D, done by profilometers using the contact method. In most cases the industrial measurement
equipment is still based on 2D profiles contact gauges and subsequent subtraction of surface roughness
parameters from the linear readings [10].
However, every workpiece is a spatial object and, to obtain complete measurements, such object has to
be analysed and mathematically overlooked as a 3D object. Topographical or texture method of the
surface analysis instead of the usual surface cross-cut roughness approach, is describing the particular
surface sufficiently and completely, reflecting real surface conditions. Thus it is an absolutely new
concept that differs from the existing surface definitions canonised by the industry. 3D parameters are
calculated on the entire surface (in a plane) and no more by calculations derived from the base lengths
(cross-cuts), as is the case for 2D parameters [10, 11]. For example in two dimensional model
arithmetical mean roughness – Ra is calculated using this formula:
l

Ra 

1
f ( x )dx
l 0

(9)

where l – is length of examined profile in cross-section.
Current surface roughness indicators measurement and calculation practice will be principally
changed. The upcoming ISO 25178 standard for Geometric Product Specifications – surface texture is
the very first international standard to provide detailed specification and measurement techniques of a
3D surface micro-topography [12]. Spatial surface texture parameters, their measuring and processing
rules will also be covered. It is important to underline that the draft standard in question is based on
non-contact measurement methods. Some of these methods are already used in the instrument
production industry.
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6.

3D SURFACE ROUGHNESS PARAMETERS

It is important to note that 3D surface texture standard ISO 25178-2 currently is in the "Approval
stage". Although it is difficult to estimate when the new requirements might become mandatory, there
is no doubt that the industry shall adapt to the ISO 25178 as soon as possible.
Taking into account the aforementioned considerations, the principal question is: what to do when the
manufacturing engineer, instead of seeing the familiar Rz in the clients’ drawings, is surprised by a
Sq? Although it is not a completely precise technique and cannot be applied in all cases, a simple
mathematical extrapolation of 2D method can be used for the conversion of some indicators from 2D
to 3D. The following equation can be used to obtain the value of the root mean square height of the
surface [13]:

Sq 

1
z 2  x, y dxdy

A A

(10)

where: A – definition area of the reference surface in mm2;
z(x,y) – ordinate value – height of the scale limited surface at positions x and y.
The same approach can be used for the calculation of many other surface roughness indicators. To
obtain 3D values, the general principle is to break down the observed surface to several separate
profiles. These profiles can be obtained by using the existing 2D surface roughness measuring devices.
The analysed surface has to be divided into a number of separate profiles. Practice shows that 10
profiles with a measuring trace length l = 4 ÷ 5 mm is a sufficient number, which allows to obtain
reliable results. The following equation can be used. Example is given for Sa – arithmetical mean
height of the surface.

1
Sa 
MN

N

M

  R (i , j )
a

j 1 i 1

(11)

Where: M – number of measurements within a single profile;
N – number of profiles examined;
i – the examined profile;
j – the measurement within the profile.

7.

CONCLUSIONS AND FUTURE WORK

A competitive repair company should possess operationally acceptable, quantitatively and
qualitatively adjustable technologies, where technical solutions as well as requirements are integrated
and interoperable. In-situ renewal technology of the backhoe bucket bores is such technical solution
and this article outlines some problematic issues of this novel repair technology. Description of the
renewal operations is commenced with installation of the turning-welding machine directly on the
damaged backhoe bucket. The initial installation (base), which is principally important for all the
successive technological manipulations, can encounter the following difficulties: a) the base surface is
substantially damaged; b) setup or installation error; c) damaged, worn out equipment. In order to
minimize the installation error e, an equation for its calculation is provided. This might be used in
engineers’ daily work, when performing repairs with the given equipment.
Subsequent turning operation has to face irregular allowance for machining, interrupted contact with
surface and non-homogenous strain hardening. These factors have a significant influence to the
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turning operation, resulting in uneven and irregular turning pattern. Hence it is very important to
determine the actual load effects on renovation equipment and its particular critical parts.
For the built-up welding the corresponding technological regimes together with the appropriate gases
and welding wire are provided – these can be used in daily work too. However, these values are only
result of initial considerations, and shall be experimentally tested in the further researches.
In the final turning operation, where the product receives its working dimensions and surface
properties, strong interactions were observed among turning regimes. Most influential technological
parameters were identified: cutting tool geometry (insert radius and main angles), turning feed and
speed. Their impact to the surface integrity and end quality has been established.
The initial results reveled in this paper are forming an essential fundament for the in-depth renovation
technology research. Actually this analysis is solid basis for understanding of existing problems and
flags the way forward. Following principal considerations can be stressed for the in-situ renovation
operations in general:


Rigidity and stability of tool-workpiece-machine-device system;



Limitations on speed, feed, or depth of cut;



Whether new or worn tool is considered.

A further study involving surface roughness characteristics should be performed taking into account
the new surface roughness 3D parameters stipulated by upcoming ISO 25178-2 surface texture
standard.
This article identifies magnitude of the problems which are encountered analyzing in-situ renewal
technology for the backhoe bucket bores, and clearly outlines the further research scope and general
trends. Series of carefully prepared experiments followed by factorial analysis using SPSS or Minitab
are already foreseen and will use the results of this article for the upcoming work.
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BLAST WAVE PROTECTION OF AQUEOUS FOAMS
Alexander Britan, M. Liverts G. Ben-Dor
Shock tube Laboratory of Protective Technologies R&D Center,
Department of Mechanical Engineering, Faculty of Engineering Sciences,
Ben Gurion University, Beer-Sheva 84015, Israel

INTRODUCTION
Whereas the the plausible mechanismes of the blast wave mitigation by regular and particulate
aqueous foams were the subject of many experiments and simualtions[ ], the besic science behined
these phenomena is still not well understood. The unique features of the particulate foams as the
sound and shock wave absorber were demonstrated first in the experiments conducted in open cut
mines by Moxon et al (1990). For the particles size smaller than 76 m a principal mechanisms of
sound and shock wave attenuation were explained by the increased viscous losses. There are also
evidances (Hunter et al 2008) that additives of large particles (tens m in diameter) increase the
dissipation of the concomitant flow of the interstitial liquid and thus reduce drainage rate. Whereas
these facts look intriguing, sparse experiments demonstrate any consensus neither on the the optimal
particulate masterials nor on final effects caused by solid additives. For example, whereas in the
experiments of Moxon et all (1990) attenuation of the sound wave increased with raised concentration
of particles, in experiments of Feklistov et al (1994) aqueous foam particulated by 30 m particles of
cork was more transparent for sound than particles-free foams of the same conditions. Unfortunately,
the most recent information in this area has been rather empirical or published in patented litterature
where breaf discussion and barring explanation to “know how” complicate the judging between the
different effects.
The primary intention of the present study is to present new contribution of shock tube tests to the
problem of particle related stabilization and enhanced mitigation action of the wet particulate foams.
The experiments reported were desined to examine (i) the reflection of a shock wave from an air/foam
face, (ii) the transmission of the shock wave through the air/foam face and (iii) propagation and
dispersion of the transmitted shock wave inside the foam column.
Because wet aqueous foam of desired specification is difficult to reproduce, handle and quantitatively
characterize the fact that experiments on all the above aspects were conducted in a single facility is a
potentially important consideration. Moreover vertical position of shock tube simplified the issures
since the gradient of the liquid fraction in draining foam coincids with the shock wave propagation.
Under these, much simplified test conditions resulted flows could be treated as one-dimensional and
the shock wave mitigation depends on three parameters: the intensity of the insident shock wave, M s ,
the duration of the foam decay, t and on the particle concentration, n.
EXPERIMENTAL DETAILES
To be valuable for practical applications particles have to be harmless, cheap, hydrophilic, have proper
dimension and density. On this basis as a first approach we used pouder of coal fly ash as received
from Ashkelon power plant (Israel). Physical properties of the coal fly ash include: specific gravity
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3

2

2.1 g / cm , specific surface area by BET 2.05 m / g and PH 11.9. Mineralogical composition
includes quartz, hematite, mullite, unburned carbon, calcium aluminum oxide ( Ca3 Al2O6 0) and
calcium silicate sulfate ( Ca5Si2O8SO4 ). The results of MasterSize analysis in figure 1 show that
pouder contains about 20% of small-size fraction ( 0.1m  d *p  2 m ) and 80% of large-size fraction
( 2m  d *p  80m ).
To prepare the foam, the pouder was added to the foaming liquid composed of 190 ml of tap water
and 10 ml of commercial surfactant ATS-787F. The foaming solutions ( ml =200 ml ) was mixed
manually in a beaker and thereafter was stepwise added the powder ( m p = 20  100 gr ), which
concentration is n 

mp
ml  m p

. Resulted solution was poured into a high-speed blender for whipping

during a time period about 2 min. Foam usually reached its steady height providing a constant value
of liquid fraction  0  0.2 . For the shock tube tests foam was then poured into the test section of the
vertical diaphragm-less shock tube shown in Fig.2 which has a square 32 mm x 32 mm cross section
made of perspex with dimensions 32mm(W)×32mm(D)×420mm(H). Shock tube generates step-wise
profile of the post shock wave pressure at the foam entrance and high repeatability of the impact
conditions ensures fast opening pneumatic valve that used instead of membrane between the driver
and channel Britan et al (2007). The Kistler 603H series pressure transducers allowed to examine the
resulted pressure field behind the reflected wave and the the wave transmission inside the foam
column. When the particles are embeded inside the freshly prepared sample their initial distribution is
homogeneous and foam density could be easily controled through the liquid fraction,  0 and/or
particles concentration, n.
Typical foam images in Fig. 3 show that the added powder imparts a black color to the foam pictures
which however not prevent the imaging and subcequent data processing of the results.

Figure 1: Size distribution of particles diameters after the special treating of row powder of coal fly
ash (Mastersizer 2000).
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Fig.2: Schematic of the vertical shock tube and controlling equipment

Fig.3:. Registered images of aqueous foam

(left), and particulate foam

(right)

The test procedure considers that the “freshly-prepared” foam samples left in a test section to drain
during the controlling period, t and then subject to impact once the test section has bolted back to
the channel. Full PC control over the driver pressure, running the valve and triggering the data
acquisition system GagesScope C-220 was supported by a Lab View based software.
OBTAINED RESULTS AND DISCUSSION
Common features
Prior to the discussion the experimental results, it is worthwhile to describe the appropriate findings
inferred from the results of numerical simulations of the shock wave/foam interaction in shock tube
tube shown in Fig. 4. The waves collisions and their interactions with solid walls simulated within
the limits of so-called ideal shock tube theory assuming that the driver and the channel at t=0 contain
air with adiabatic indexes  4   1  1.4 and molecular weight m  29 g / mole . A wet foam (
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 0  0.2 ) filling the test section was represented as a homogeneous single component pseudo-gas
with  f  1. 0003 , m  5774 g / mole . The initial conditions are:
P4  4.0 bar , T4  300 K , V4  0 along x  1.8 m



P1  1.0 bar , T1  300 K V1  0 along 1.8  x  5.397 m

(1)

where the subscripts 1 and 4 correspond to the related areas of Fig 4 (see for detailes Britan et all
(1994)) . The initial flow pattern inside the shock tube mainly controlled by the three events:
propagation of the incident shock wave, In, contact surface, CS and rarefaction wave, R. The related
flow states behind the insident shock wave (In), the contact surface (CS), and then, the shock wave
(Rf) reflected at the foam face are labeled in Fig. 4 as (2), (3) and (5), respectively. In the period
immediately following the formation of the reflected shock wave Rf, strong limitations on the flow
pattern imposes the length of the foam sample (height H). Due to the high acoustic impedance and low
sound speed specific for wet foam the propagation of transmitted shock wave Tr over the sample takes
about 16ms. During this slow travel two subsequent events restrict its the quasi-steady moving. The
first is the reflected shock Rf which hitts the contact surface CS and gives rise to the new backward
faced shock Rd. On reaching the foam face the shock wave Rd changes the parameters inside the
sample. The second event that causes the stronger changes in the flow pattern is rarefaction fan RRw
which is just emerging as reflection of rarefaction wave R at the driver’s end. When overtaking the
foam face and then, the transmitted shock wave Tr rarefaction fan RRw further dominates over the
flow parameters in the vicinity of the end wall.
Since pseudo-gas model considers only acoustic characteristics of foam while ignores surface tension
and internal dissipation, the wave diagram of Fig. 8b is only a reference guide explaining the key
points of the flow pattern. In the real test, freshly prepared sample of wet foam quickly decays and
resulted distribution of liquid fraction  (z) changes in time. For this reason the controlled duration of
the foam decay before the test, t becomes a crucial parameter responsible for any distinguish
between the real and simulated flow pattern. Essential information on this process could be inferred
from the careful examination of the pressure readings registered behind the reflected Rf and the
transmitted Tr shock waves Britan et al. (2007).

Fig. 4. Full scale diagram of the shock tube flow (a) and zoomed fragment of the wave pattern inside
the test section (b) filled with the aqueous foam of high liquid fraction  0  0.2 , M s  1.3 .
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Pressure behind the reflected shock wave, Rf
As it was pointed out previously, information on formation of the reflected wave Rf as it could be
obtained from the side wall pressure traces registered upstream of foam face plays an important role
in the probing the foam face conditions. Two series of such traces are shown in Fig.5, where the
initial pressure rise (A) is consistent with the passage of the incident shock wave, In. Similarly the
second steep rise (B-C) is typical of reflected shock wave R f . Following the rise of the pressure to
point C, there is a change in slope to reach the plateau region (D-E). Examination of the feature (C-D)
shows that after the long time decay ( t  45 min ) this so-called rounding is smooth while in fresh
prepared sample of wet regular foam ( t  5 min ) it is closer to angular. As noted recently Britan et
al (2007) the reason for the pressure traces to be rounded, as well as amplitudes of the pressure rise (BC) are both to be ascribed to the initial phase of transient acceleration of the foam face. From this
conclusion it would then appear that time duration of the foam decay, t should be a main factor in
this process. To ensure this, the values t R and the

a

b

Fig. 5. Side wall pressure traces registered 90mm upstream of the regular (n=0) and particulate
(n=0.2) foam face,  0  0.2 , M s  1.3 .

Fig. 6. Rounding t R (a) and normalized pressure rise (B-C) (b) registered 90mm upstream of the
regular (n=0) and particulate (n=0.2 and 0.33) foam face,  0  0.2 , M s  1.3 .
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amplitudes of the pressure rise (B-C) registered in regular and in the particulate foams are presented as
function of t in Fig.5. The general trend that follow these graphs supports the conclusions that when
t increases, the rounding (C-D) lasts longer, and the pressure front (B-C) becomes smaller. Whereas
initially, ( t  15 min) amplitude of the pressure front (B-C) is only about 30% weaker than
equilibrium value PE , when drainage proceeds about 30 min it becomes twice as smaller and for

t  60 min is ill defined at all. Notice that rounding t R and overpressure PB  C are both sensitive to
the foam decay which in turn affects the initial stage of the foam movement. However, the rounding
t R is implicit parameter that is responsible for a number of transient phenomena that follow the
moving foam face. On contrast, the overpressure PB  C is explicit parameter that carries out direct
information on the conditions at the foam face just before the shock tube was actuated. Different
correlation of these data with our results obtained recently with the shorter sample of similar aqueous
foam Britan et al (2007) supports this conjuncture. In fact, whereas both functions PB  C / PE (t ) in
Fig. 6b overlap each other, the data for rounding t R (t ) obtained recently by Britan et al (2007) fall
in the range specific for particulate foam.
Time distance trajectories and side wall pressure
Since the transmitted shock wave Tr actually scans the foam sample over the full length the registered
trajectories shown in Fig. 7 demonstrate that:
(i)
the role of the foam decay during the first 5 min after the foam production (left figure) is
negliageble small and all the trajectories are straight lined;
(ii)
added particles reduce the propagating velocity of the transmitted shock wave in
particulate foam (n=0.33) up to 20%;
(iii)
after the 30 min of decay (right figure) spatial inhomogenity of the regular (no-particles)
foam (n=0) becomes significant;
(iv)
added particles improve foam stability to the point than the trajectory registered in the
particulate foam (n=0.33) remains straight lined even for t  30 min.

Fig.7: Time-distance trajectories of the transmitted shock waves in regular (n=0) and particulate
(n=0.2 and n=0.33) aqueous foam of high liquid fraction  0  0.2 , M s  1.3 .
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The side wall pressure profils shown in Fig. 8 demonstrate interesting phenomenon of so-called
double-fronted wave with slow pressure rise to a constant level which is clear evidance of a number of
interrelated effects, extensively discussed in the past Weaver and Pratt (1988). Suming up the
discussion Weaver and Pratt (1988), for example, suggested that four candidate explanations to be
considered:
1) The nonsteady interactions emanating from the upstream air/foam boundary; 2) the non-onedimensional behavour of the wave system due to transverce gradients in the foam; 3) non-equilibrium
relaxation of the foam in two time–dependent stages reflecting the differenct responces to the
propagating wave of the lamellae and Plateau borders; 4) phase chages or anomalious Hugoniot. In
our later Britan et all paper we first combined the side wall pressure measurements with the optical
observation to show that in dry aqueous foam (  0  0.01 ) this feature reflects the dynamic of the
post shock wave compression and further shuttering of the foam cells. Notice that dispersion of the
leading shock in Fig. 8 increases with the distance along the foam column and with the time duration
t . This leaves no doubts that role of the foam decay on this phenomenon is of important.

Fig. 8: Side wall pressure tracess in regular foam (n=0) as function of the time duration t
Fortunatelly, so-calle ”dead time” period, about 5 min, exists when distorsion of the leading fronts in
Fig. 8 is small and trajectories of the transmitted shock wave Tr in Fig. 7a are straight. This period
allows observing the shock wave/foam interaction under the steady foam conditions when the speed of
the transmitted shock wave Tr depends only on single parameter: intensity of the impact or Mach
number, M s . As expected, data in Fig. 9 show the straight line trajectories for all range of the studied
conditions demonstrating that the transmitted shock wave velocity is constant and is about ten times
smaller then velocity of the impact (velocity of the incident shock wave in Air).
Interestingly that the side wall pressure traces in Fig. 10a also resemble the double-fronted wave
structures demonstrated in Fig.8. On contrast to a slow pressure rise from precursor to a peak level in
the pressure traces of Fig. 8 a leading front now is sharp and followed with a pressure dip which
duration, t r reduced with increased Mach number, M s . Such a dip is definity not observed in the
pressure profiles of Fig.10b registered in similar experimenst while with the empty tests section.
On the limited evidences collected here candidat explantation for the double-fronted wave structures
in Fig. 10a is staged relaxation of the foam structure as respons to the shock wave impact. However,
since the final pressures after the dip and these at the shock wave front are equal, the energy losses in
this area appear too small to accept the foam shattering for this case.
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Notice that shock wave thickening and ”delay” in the wet foam particulated by different solid
additives have a direct bearing on energy exchange in the foam based barriers and are under active
investigation in the ongoing program in the Ben-Gurion University.

Fig.9 Time-distance trajectories of the transmitted shock waves in freshly-prepared ( t  1 min )
regular (n=0) aqueous foam (a) and ratio of transmited VTr to incident V In shock wave velocities as
function of M s (b).

Fig.10: Side wall pressure traces registered
downstream from the foam face, t  5 min .
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Abstract
In the work, we studied the structure and properties of “titanium diboride – high-chromium cast iron
binder” coatings obtained by electron beam welding. It is demonstrated that the phase and structure
formation of the composite coatings depends on the content of high-chromium cast iron in the
deposited mixture. Varying the volume fraction of the hardening compounds and the chemical
composition of the metal binder makes possible wear-resistant coatings with specified operating
characteristics.
Key words: electron beam technology, composite coatings

1. INTRODUCTION
Self-propagating high-temperature synthesis (SHS) makes possible refractory composite materials
with structure and properties unattainable by traditional methods [1]. Studies of SHS materials based
on TiB2-Fe show that the TiB2-50%Fe composite powder ensures the best physicomechanical
characteristics of the materials [2, 3]. It is thought that because the surface of TiB2 grains in a SHS
composite is blocked by a matrix layer (Ме), the use of the composite powder as the coating material
is bound to assist the formation of coating structures with uniformly distributed refractory compounds
in the metal binder and with high mechanical characteristics [2].
It is also found that an important role in the formation of coatings with desired properties belongs not
only to the type of hardening refractory compounds, but to the metal binder composition as well [4]. It
was demonstrated that electron beam welding (EBW) of (TiB2-Fe)SHS composite powder coatings is
made difficult for the particles of this compound render the melt viscosity and low mobility. As a
result, the coating had a nonuniform thickness, heterogeneous structure, and increased porosity. The
assumption that the iron binder of the (TiB2-50%Fe)SHS composite in its interaction with the molten
pool on the steel substrate will increase in volume and add fluidity to the melt as a whole has not been
proven. This is likely due to the excessively high TiB2 concentration in the (TiB2-50%Fe)SHS
composite, its high melting temperature (>1980°С), and short lifetime of the molten pool.
Analysis of the technologies, structure, and properties of wear-resistant cermet composites based on
borides, carbides, and carbonitrides [2, 5, 6] demonstrates the utility of these compounds in the
formation of coatings with a high-alloy metal matrix. For example, a way of increasing the wear
resistance of composite coatings can be the use of a mechanical powder mixture of (TiB2-Fe)SHS and
PG-US-25 high-chromium alloy (Russian grade); in mechanical engineering, this alloy is known as a
highly wear-resistant structural material.
In this context, the objective of the work was to obtain and examine the structure and properties of the
EBW coatings of composition (TiB2-Fe)SHS–PG-US-25 with various initial mixture ratios.
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2. TEST MATERIALS AND EBW PARAMETERS
For electron beam welding, three variants of the powder mixture differing in PG-US-25 content (30,
50, 70 mass%) were prepared (Table 1). The chemical composition of the high-chromium alloy is
presented in Table 2.
Table 1. Composition of the deposited powder
No.

Granulometric composition, m
SHS composite

Metal binder, mass%

1
2

(TiB2-Fe)SHS

3

30% PG-US-25

(TiB2-Fe)SHS (50–300);

50% PG-US-25

PG-US-25 (40–100)

70% PG-US-25

Table 2. Chemical composition of the PG-US-25 high-chromium alloy
Powder grade

PG-US-25

Mass percentage of chemical elements, %
C

Cr

Ni

Si

Fe

W

Mn

4.4–5.7

35–41

1.0–1.8

1.6–2.6

Base

-

up to 2.5

The powders were welded on St3 low-carbon steel substrates of dimensions 100 × 25 × 3 mm in 2–4
passes. The accelerating voltage, electron beam sweep, and substrate velocity were constant and were
respectively 28 kV/mm, 20 mm, and 2 mm/s.
The beam power density was 104–105 W/cm2. The volume of the molten pool was varied between 10
and 20 mm3. The welded layer thickness was 2–3 mm.
3. RESEARCH RESULTS
3.1. EBW coatings of composition (TiB2-Fe)SHS–30%PG-US-25
Our study discloses that the structure of this coating was formed by crystallization of the
heterogeneous solid-liquid melt saturated with initial and semi-molten (TiB2-50%Fe)SHS particles of
size >200 m. Figure 1 shows a series of microphotographs from which one can more accurately trace
the peculiarities of the phase and structure formation throughout the thickness of the deposited layer. It
is seen that the (TiB2-50%Fe)SHS particle of size ≈250 m in the coating surface layer (Figs. 1, а, b)
are rimmed at its boundaries by crystalline particles of hardness Н = 38 GPa (region I). This is likely
the result of melting of the Fe binder and consolidation of primary TiB2 crystals forming the
continuous layer around the SHS particle. X-ray diffraction analysis confirms their correspondence to
the TiB2 composition. The central part of the (TiB2-50%Fe)SHS particle (Fig. 1, b, region II) features a
higher structure dispersivity and a different chemical composition compared to those found in the
boundary region (region I).
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Fig. 1. Fragments of the surface structure of the EBW coating (TiB2-Fe)SHS–30%PG-US-25: a – (TiB2Fe)SHS particle; b – fragment of the layer structure formed at the “(TiB2-Fe)SHS particle – metal melt”
interface (region I); c – structure of the metal binder
According to X-ray diffraction analysis (Fig. 2), this region contains, among titanium and boron,
chromium (≈ 8 mass%) that arises from mixing of the iron and high-chromium melts formed in
electron beam welding. Hence, it can be assumed that (TiCr)B2 particles, in addition to TiB2 crystals,
are present in this region, and this ensures its higher hardness (Н = 44.8 GPa). At the same time, the
composite particles of size <200 m present in the mechanical powder mixture (TiB2-50%Fe)SHS–
30%PG-US-25 have a chance to completely interact with the melt in welding. The coating structure
contains both primary TiB2 particles (squared or fragmented) of size 3–7 m and secondary particles
of size 10–20 m formed by recrystallization of initial boride particles through the melt.
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Fig. 2. SHS particle in the deposited coating (TiB2-Fe)SHS–30%PG-US-25: a, c – reflected electrons
and b, d – characteristic radiation
X-ray diffraction analysis of the coating surface reveals, among Ti and Cr borides, peaks of Cr7С3
present in the binder structure as oblong white lamellae of hardness Н = 11–14 GPa (Fig. 3).

Fig. 3. Diffraction pattern taken from the surface of the composite coating (TiB2-50%Fe)SHS– 30%PGUS-25
The heterogeneity of the welded coating (TiB2-50%Fe)SHS–30%PG-US-25 confirms the jump-like
microhardness distribution throughout the specimen thickness where the maximum hardness Нμ = 15–
17 GPa corresponds to clusters of unmolten (TiB2-50%Fe)SHS composite particles, and the minimum
hardness Нμ = 7.5–10 GPa corresponds to the hardness of the metal matrix (Fig. 8, a).
3.2. EBW coatings of composition (TiB2-50%Fe)SHS–50%PG-US-25
X-ray phase analysis shows that the intensity of X-ray diffraction lines of Ti borides remain near
constant, and that of lines of (Fe, Cr)7C3 increases with increasing the PG-US-25 content in the
mixture to 50 mass% (Fig. 4); the average size of Cr carbide lamellae increases, too.
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Fig. 4. Diffraction pattern taken from the surface of the composite coating (TiB2-50%Fe)SHS–50%PGUS-25
The microphotographs in Fig. 5 suggest that the regions between the Cr carbide lamellae contain
numerous highly dispersed compounds responsible for the higher hardness of the matrix compared to
that of the coating with 30%PG-US-25: Нμ = 25.6 GPa and Нμ = 11.23 GPa, respectively.
The nanohardness of Cr carbide lamellae in the coating of this composition is also much higher than
that with 30%PG-US-25 and is Н = 40.2 GPa. This is likely because the surface of (Fe, Cr)7C3
lamellae on which the indenter can fall in nanohardness measurements is decorated by numerous
highly dispersed solid particles (Fig. 5, b), which are presumably Ti carbides (carboborides). It should
be noted that in metallographic analysis of the coating of the previous composition (with 30%PG-US25), Ti carbide particles in the coating structure escaped detection.

Fig. 5. Microstructure of the EBW coating (TiB2-50%Fe)–50%PG-US-25 (a) and fragment of the
structure in region 1 at higher augmentation (b)
3.3. EBW coatings of composition (TiB2-50%Fe)SHS–70%PG-US-25
Study of the structure of these coatings shows that during the crystallization of the melt in electron
beam welding of the powder (TiB2-50%Fe)SHS–70%PG-US-25, a metal binder saturated with excess
refractory compounds is formed (Fig. 6). Metallographic and X-ray diffraction analyses reveal that the
coatings contain compounds of Ti borides and carbides, and Cr carbides (Fig. 7).
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Fig. 6. Surface microstructure of the coating (TiB2-50%Fe)–70%PG-US-25 (a) and fragment of the
structure in region 1 at higher magnification (b)

Fig. 7. Diffraction pattern taken from the surface of the coating (TiB2-50%Fe)SHS–70%PG-US-25
Metallographic analysis shows that the saturation of the melt with carbon in combination with
chromium and boron due to the increase in PG-US-25 content to 70 mass% results in an eutectic
matrix structure.
The nanohardness in different regions of the matrix varies in the range Н = 6–13 GPa (Fig. 6, b). A
characteristics feature of this structure is the presence of (Fe, Cr) 7C3 carbides in the form of thin
needles and lamellae no wider than 12 m. In addition to primary (Fe, Cr)7C3 carbides of hardness Н =
21–27 GPa, round and hexagonal carbide grains of size 8–30 m with increased hardness Н = 28–37
GPa appear in the structure (Fig. 6).
Comparative analysis of the microhardness distributions in Fig. 8 discloses that among all test coatings
of composition (TiB2-50%Fe)–PG-US-25, the coating with 70%PG-US-25 has an undeniable
advantage in hardness (Fig. 8). For comparison, Fig. 8, d shows the microhardness of a coating welded
with PG-US-25 high-chromium alloy alone.
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Fig. 8. Microhardness of the coatings based on the (TiB2-Fe)SHS composite with PG-US-25 of 30 (a),
50 (b) and 70 mass% (c), and microhardness of the coating welded with PG-US-25 high-chromium
alloy alone.
The results of tests of the specimens for abrasive wear-resistance Кw show that as the content of highchromium alloy in the mixture is increased, the wear-resistance of the coatings increases reaching its
maximum in the composition (TiB2-Fe)SHS–70%PG-US-25 (Кw=14.4).
4. COCNCLUSION
Thus, it is demonstrated that electron beam welding of mechanical powder mixtures (TiB2-Fe)SHS–PGUS-25 ensures the formation of high-quality porousless coatings due to the increase in melt fluidity on
the substrates. It is found that the high saturation of the solid solution with carbon and chromium due
to the increase in high-chromium alloy content in the mixture results in more intense matrix
precipitation of Cr and Ti carbides thus increasing their volume fraction in relation to the boride
content in the coating. The fraction of highly dispersed Ti borides and carbides precipitated from the
B- and C-saturated EBW coatings thus increases. It is shown that the powder mixture (TiB2-50%Fe)–
70%PG-US-25 ensures the highest homogeneity, dispersivity, and microhardness of the coating
structure compared to the other examined powder mixtures. Because of the large volume fraction of
hardening phases in this coating, its maximum microhardness throughout the thickness reaches Nμ =
20–22 GPa. In aggregate, all the above factors are responsible for the increase in hardness and fatigue
resistance of the coatings in abrasive wear. The highest abrasive wear resistance is found in the
composite coatings (TiB2-Fe)SHS–70%PG-US-25 (Кw=14.2).
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LOW-TEMPERATURE GREASES FOR DRIVES OF THE DISCONNECTING
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Abstract
Being based on positive experience of use of additives to oils and greases from synthetic diamond
ultradisperse powders, the way of application of powders from natural technical diamonds as an
additive to standard low-grade lubricants that allows to lower coefficients of a friction of rest and
sliding, at extreme temperatures of the North more than twice is offered, thus increasing to 50 % wear
resistance of rubbing surfaces, thereby to solve a problem low-temperature lubricant materials for
frigid climate conditions.
Key words: low-temperature greases, submicropowders, natural technical diamonds, operational
reliability, wear resistance
1.

INTRODUCTION

Thanks to a complex of unique physical and chemical properties, natural diamonds find today wide
application in the newest high technology branches of technics, for example, as heat-conducting paths,
in the semi-conductor technics, in iatrotechnics, abrasive and even greasing materials. Application of
diamonds in electronics opens wide prospects in working out and the creation of devices of new
generation which does not have analogs, capable to work in extreme conditions, and their application
as an additive to standard low-grade greasings is reduced by coefficients of a friction of rest and
sliding, at extreme temperatures of the North, more than twice, thus increasing to 50 % wear resistance
of rubbing surfaces, i.e. motor potential.
2. THE PROBLEM CONDITION
2.1. Greasing material – a constructional element of knot of a friction
Application of separators, short-contacts and solid-short oil switches in the simplified schemes opened
РУ the Far North is accompanied by frequent failures because of refusals of drives of these devices at
critical temperatures. The reason consists in absence of cold-resistant greasings, and applied
TIATIM’s greasings don't give desirable results though on technical conditions of manufacturers they
are calculated on work at temperatures to a minus 500С. For this reason operation of devices is
conducted without greasing owing to what knots and mechanisms of engines and designs are exposed
to the strengthened deterioration, there are breakages, failures. The same situation develops and in
other industries, especially in mining where the majority of engines and mechanisms works in the
open air at temperatures a minus 50оС and more low. The durability and reliability of work of devices,
engines and mechanisms can't be considered in a separation from operational characteristics of
lubricant oils and additives. The greasing material is necessary for considering as the integral element
of a design of engines and mechanisms. The durability of the last can be increased by 50% and more
thanks to increase of frost resistance and quality of greasing materials and additives to them.
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Base engine oils and plastic greasings because of sharp increase in viscosity lead to decrease in wear
resistance of mechanisms, to increase in time of operation of devices of automatics and protection, to
the raised fuel consumption. Repair and restoration before time of the worn out details, knots and
mechanisms demand additional expenses. Especially rigid requirements are shown to reliable work of
the equipment and mechanisms of the power supplying enterprises. Switching-off because of failures
on power objects lead to enormous losses. Therefore lubricants, being a constructional element of knot
of a friction, along with other factors define its durability and reliability.
2.2. Application of additives for increase of wear resistance of knots of a friction
For the purpose of improvement of performance data of the greasing materials working at low
temperatures, domestic and foreign manufacturers are developed and introduced a number of additives
to engine oils which provide their all-weather suitability. In particular, rate of deterioration of the
rubbing pair concerns such additives - from 2 to 10 times a thin-dispersed powder from synthetic
diamonds (АSh) which addition in oils even in small quantities (0,05+0,5 %) reduces friction factor in
sliding bearings in 1,5 … 1,8 times, and. The volume temperature in a zone of knot of a friction
decreases also, maximum loads increase by friction knot from 1,5 to 7 times. Because of selective
adsorption viscosity of oil, at the same time discontinuity decreases and destruction of an oil film ("a
dry friction") comes at higher speeds of relative sliding. It provides the best
противозадирные properties of oils and allows to apply successfully them in high-precision
metalcutting machine tools, including – leading western firms. Thus the oil expense in comparison
with domestic marks twice decreases.
Today in oil development are continuous ethers – neutralization products carbon acids spirits at which
the maintenance of atoms of carbon fluctuates from 4 to 22 and this oil basis esters is called. Unlike
the usual oil which molecule a simple hydrocarbonic chain, at ester molecules is polared and the
electronic density is displaced to atom of oxygen of the carbon group, thus negatively ionized atom of
oxygen always will take root into a crystal lattice of metals. As surfaces of any metals and alloys
consist of positively ionized and neutral atoms metal will be always covered by very strong film of
greasing, thus durability of an oil film reaches durabilities of natural diamond, and additive application
to standard oils of all levels and other industrial oils is extended in a wide spectrum of application in
engines, transmissions, manual and automatic transmissions, in hydraulic systems and so on.
It is known that at long operation of oils there is their aging to steady decrease in viscosity. It is
connected by that long molecules of oil all time are used up in rubbing steams and decay under
thermal influence. It also is at the bottom of loss of working viscosity. Additive addition to standard
oils strengthens their structure, creating a strong uncreasable thermostable oil film, having excluded
direct metal contact in rubbing steams at high loadings.
Such action of ultradisperse diamond powders is caused by new technology of their reception at which
crystals accept the spherical form. These microscopic particles work in oil, as balls in the rock bearing.
It is necessary to notice that machine and motor oils not a unique scope of an ultradisperse diamond
powder. Application АSh in plastic greasings has shown that in comparison with traditional greasings,
such as solidol, TSIATIM, litol, etc., leads to increase of wear resistance of knots of a friction in 1,2
… 1,3 times, anti-friction on 6 … 20%, and also to decrease in depth of damages in 1,5 … 3 times and
temperatures in a contact zone on 16 … 19%.
In practice firm additives to oils successfully apply only at very small sizes of their particles that
allows to stabilize their suspension on the basis of oils. It is recommended to use powders with
possible narrower fractional structure that it is possible greater quantity of particles, dividing rubbing
surfaces, perceived loading, reducing thereby specific pressure. In the conditions of a friction the film
strongly connected with a surface is formed. The film prevents direct contact of microledges of
roughnesses of rubbing metals, especially in the conditions of shock loadings.
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Being based on positive experience of use of additives to oils and greasings from synthetic diamond
ultradisperse powders, it is offered to apply to the same purposes powders from natural technical
diamonds. It will allow to solve a problem low-temperature greasing materials for conditions of a
frigid climate on the basis of one of natural resources Republics Sakha (Yakutia).

2.3. Structure of microparticles of natural diamond
Fractions with the size of particles a smaller 1 micron, about histograms of distribution of
particles corresponding to the central part in the sizes, represent grains under the form close to
synthetic diamonds (ovals).
Diamond submikropowders, unlike usual low-dispersed powders-fillers are not a filler, and a
structureform material.
Microparticles of diamonds have difficult structure: a kernel from classical cubic diamond and a
carbon cover round a kernel. This cover consisting from sp²- the hybridized atoms of carbon, is nonuniform on degree of orderliness of structural fragments. The blanket including atoms of carbon, is
sated by a wide spectrum of various functional groups. Thus not diamond components of
microparticles of diamonds are not impurity, and the organic components of a product substantially
defining a complex of its specific properties.
In conformity with sequence of distribution in total amount of crystals of diamond quasihomogeneous
ontogenesis areas are named: central (fig. 1а), intermediate – b and peripheral – c.

Fig. 1. Sequence of volume distribution
quasihomogeneous ontogenesis areas in
diamond crystals (the general tendency).
a – the central region;
b – intermediate area;
c – peripheral area of diamond.

Let's consider characteristic distinctions of areas.

The central region – represents the small site generated about the genetic center of a crystal at a
stage of its origin. For crystalmorphology the central region infringement ideal octahedrony facets,
occurrence of roundish and cubic surfaces is characteristic. As a rule, this area contains the raised
quantity of dispositions and other structural defects, effectively disseminating X-rays and causing a
high double refraction. The last often forms a geometrical pattern «tatami». In the central region are
raised a yellow, green, flavovirent or orange photoluminescence. The luminescence can and not be
observed. The reason is luminescence suppression by structural defects. In spectra of infra-red
absorption is absent or system B2 is a little intensive.
The short characteristic of three quasihomogeneous ontogenesis areas is resulted in table 1.
Pyramids of increase of cubic sides in sectorial octahedrons and dodecahedrons diamond possess all
listed signs of the central region.
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In them the raised quantity of dispositions and other structural defects, a flavovirent
photoluminescence, low activity of IR-system B2 is observed. For this reason of a pyramid <100>a are
carried to the central region.
The intermediate area most boldly shows the properties attributed to natural diamonds as a whole is an
internal zonalno-sectorial structure, a high structurally-abnormal double refraction, a blue
photoluminescence. The intermediate area is non-uniform and contains the growth zones, different
morphology and physical properties. Optical characteristics of separate zones of intermediate area
change in a wide range: one zones are opaque, others are transparent, the third possess intermediate
value of optical density; in crossed polyroids it is observed re-layer zones with a high and low double
refraction; in one zones the blue luminescence is observed, others don't luminesce. Zones with a low
double refraction are transparent to λ≤ 225 nanometers (type IIa), the luminescence isn't raised in
them. In spectra of IR-absorption of intermediate area system B2 is intensive.

Table 1
Properties

Area
The central

The intermediate

The peripheral

Morphology

Roundish, an octahedron,
a cube, a pyramid <100>a

an roughly-lamellar
octahedron, an acute-costal
octahedron, pyramids <111> 2

an acute-costal
octahedron

Perfection of crystal
structure

imperfect, fibrous,
dispositions

rather made

the made

Double refraction

very high

alternation of zones with a high
and low double refraction

low or is absent

Absorption

λ <225 nanometers N9

λ <280 nanometers N3

λ <300 nanometers A

UF-light

λ <260 – 300 nanometers

Absorption

КВ1, К А=КВ2=0,

КА ≈ КВ1≈КВ2

КА> КВ1>> К В2

IR-light

КА ≈ КВ1>> К В2
system 3107

Photoluminescence

green, flavovirent, yellow,
orange

blue

it is not raised

Selective etching

strong, continuous

strong on borders of zones and
growth pyramids

very weak

The peripheral area possesses a low double refraction, doesn't find out abnormal dispersion of X-rays,
the photoluminescence isn't raised in it. All these signs specify in high perfection of crystal structure
and homogeneity of this area, not broken by presence at it of high concentration of defects And. These
defects shift UF-transparency border in a long-wave part of a spectrum to 300 … 320 nanometers and
cause occurrence of intensive system And IR-light absorption.
Volume parities of the central, intermediate and peripheral areas change from the sample to the
sample. In smoothly-side acute-costal octahedrons with plastinchato-step sides – roughly-lamellar
octahedrons – and in dodecahedrons diamond of type Ia or Ia+III are available the central and
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intermediate areas without the peripheral. And, at last, diamonds cubic gabitus and quasihomogeneous
crystals of physical type IIa or III have only the central region.
Applying diamond as an additive to greasing materials us the central region of its structure interests,
allowing to receive fractions ovals forms.
Diamond possesses high firmness to grating. Its wear resistance in relation to corundum, exceeds this
indicator in 90 times, and other abrasive materials – in hundreds and even thousand times. The
comparative characteristic of physicomechanical properties of diamond with other firm materials
shows its conclusive advantages and only the synthesized chemical compound – cubic nitride of a pine
forest is artificial – can compete to diamond. Therefore application diamond submicropowders as an
additive to standard greasings not only reduces friction factor, but also taking root into
microroughnesses of surfaces of pairs a friction increase their wear resistance to 50 %.
Introduction submicropowders from natural technical diamonds in greasings, for example, on a basis
ethyleneglicoles or ftororganic opens real possibility of reception low-temperature greasings for
engines, mechanisms and the devices working in the conditions of the Far North.
2.4. A method of increase of wear resistance of lubricants
As it is known, antiwear action of lubricants is based on formation by them on rubbing surfaces of the
protective films, capable to reduce a friction and deterioration. Researches of influence of a thickness
of films, formed mineral oil of an oil origin without additives on intensity of wear process of rubbing
surfaces in the conditions of various modes of operation have shown that in operational conditions of a
film, formed oils and additives, have a thickness from 0,5 to 20 microns. High specific pressure in a
zone of frictional contact cause sharp increase of viscosity of oil, than and bearing ability of a film is
provided. However decrease in speed of sliding, increase in loading or application of oil with low
viscosity can and to lead in the presence of a film to direct contact of microledges of roughnesses
owing to reduction of its thickness. It is established that the quantity of products of deterioration and
degree of their dispersion sharply decreases at a specific thickness of a film λ> 2. Specific thickness of
a film λ - this relation of a thickness of a film h, formed oil and an additive between rubbing surfaces,
to the sum of root-mean-square values of heights of microledges of roughnesses on these surfaces s
(fig. 2), that is:.



h
2
1

 

.
2
2

Fig. 2. The scheme of definition of a specific thickness of a film λ,
formed oil with an additive in conditions of elastohydrodynamic mode.
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On fig. 3 showed influence of a specific thickness of a film λ on character of a mode of greasing is
shown. It is obvious that at λ<1 (the area C) is created the maximum contact interaction of
microledges at which antiwear properties of the films formed by an additive at chemical modifying of
metals of surfaces of a friction are shown. In area "A" when λ>4 and in area "B" (λ>2) direct contact
interaction of microledges of roughnesses is excluded and there should be no an adhesive wear
process.

Fig. 3. Influence of a specific thickness λ on friction F and on deterioration D.

2.5. Laboratory researches of standard greasings with additives from natural diamonds
We develop technology of application in greasings of micropowders of natural technical diamonds.
Samples of investigated lubricants prepared on a basis low-temperature plastic oil greasings
TSIATIM, LITA, PGS.
Factors of a friction of rest (r) are defined and a sliding friction (sf) steam a steel-steel with various
cleanliness of processing of a surface, at specific loading 50 g/sm2. Factor of a friction of rest was
defined on effort moving, sliding friction factor - on effort at uniform movement. Viscosity of
greasing and adhesive forces weren't defined.
Cleanliness of a surface:
1 counterbody - 7 class

1 sample

- 8 class

2 counterbody - 8 class

2 sample

- 9 class.

3 counterbody - 9 class
Results of tests are resulted on fig. 4 and in table 2,
where: f r - factor of a friction of rest; f sf - sliding friction factor.
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Table 2

Results of tests of standard greasings with additives from natural diamonds
Counterbody
Greasings
fr

1-7 class
1 обр.
2 обр.
(8cl)
(9 cl)
f sf
fr
f sf

2-8 class
1 обр.
2 обр.
(8 cl)
( 9 cl)
fr
f sf
fr
f sf

3-9 class
1 обр.
2 обр.
(8 cl)
(9 cl)
fr
f sf
fr
f sf

Dry

0,36

0,3

0,32

0,3

0,37

0,32

0,37

0,31

0,4

0,37

0,39

0,37

TSIATIM

0,22

0,2

0,32

0,2

0,37

0,32

0,37

0,3

0,4

0,37

0,37

0,36

LITA

0,15

0,14

0,13

0,12

0,18

0,16

0,16

0,12

0,15

0,12

0,16

0,13

PGS

0,1

0,08

0,08

0,06

0,08

0,06

0,1

0,05

0,08

0,04

0,08

0,04

TSIATIM
+5%
1 mkm

0,18

0,13

0,18

0,12

0,13

0,11

0,13

0,12

0,14

0,11

0,13

0,09

TSIATIM
+ 5%
40 mkm

0,35

0,3

0,3

0,24

0,28

0,18

0,28

0,19

0,22

0,16

0,24

0,16

LITA +5%
1 mkm

0,19

0,16

0,19

0,14

0,15

0,12

0,15

0,11

0,19

0,15

0,17

0,16

LITA +5%
40 mkm

0,2

0,16

0,19

0,15

0,22

0,17

0,22

0,17

0,44

0,4

0,44

0,38

TSIATIM
+2,5%
1 mkm

0,21

0,12

0,21

0,16

0,16

0,13

0,2

0,13

0,18

0,11

0,19

0,11

TSIATIM
+2,5%
40 mkm

0,26

0,21

0,22

0,19

0,3

0,15

0,29

0,2

0,23

0,18

0,21

0,14

LITA
+2,5%
1 mkm

0,21

0,16

0,2

0,13

0,18

0,15

0,2

0,15

0,16

0,13

0,16

0,11

0,22

0,16

0,21

0,16

0,19

0,15

0,18

0,14

0,16

0,11

0,18

0,11

LITA
+2,5%
40 mkm
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Apparently from table 2 decrease in factors of a friction most typical for TSIATIM. So, additives in
the size about 1 micron at concentration of 2,5 % and 5 % give decrease in factor of a friction in 1,5 …
2 times. Micropowders in the size about 40 мкм don't give essential decrease in factor of a friction.
For oil of LITA of an additive in 1 micron give insignificant decrease f r, f sf at a combination: a
counterbody 8 кл. – the sample 8 кл.
For oil PGS an additive with a size about 40 microns increase friction factors, and at the sizes 1
microns don't cause appreciable effect.
Supervision by means of an electronic microscope have shown that positive effect strengthening at
change of the sizes of diamond particles is caused by that in this case them takes root into a zone of
frictional contact more. At contact of firm bodies owing to unequal rigidity there is an introduction of
more rigid roughnesses in a surface of less rigid body. Thus deformation of more rigid body is much
less, than less rigid, and she can neglect. Therefore, considering influence on process of interaction of
firm bodies of a roughness of a surface, it is necessary to consider a roughness of a surface of more
rigid body. Distinguish initial and established in the course of a friction (equilibrium) roughnesses of
surfaces. The initial is understood as a roughness of a surface of the firm body, received in the course
of its processing. The established (equilibrium) roughness is created on surfaces of contacting bodies
in the course of a friction and depends on working conditions of frictional knot. Thus, decrease in
height of microledges of a surface is reached. It leads to "smoothing" of roughnesses and to
improvement of operational properties of lubricant.

Fig. 4. Change of factor of a friction depending on percentage of additives
and the size of particles of diamonds.
1/1 2/1, 3/1 – in numerator counterbody number, in a denominator number of the sample.
Thus, research standard oil low-temperature greasings with additives from ultradisperse powders
(UDP) natural technical diamonds have shown that at extremely low temperatures concentration of
additives to greasings within 2,5 … 5,0 % with the size of grains less than 1 micron reduces factor of a
friction of rest and sliding twice, providing reliable work hinge connections of drives of an electric
equipment and mechanisms in the conditions of the North.
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3. A CONDITION AND PROSPECTS OF EXTRACTION OF DIAMONDS AND
DEVELOPMENT OF THE DIAMOND INDUSTRY
In Russia of extraction of 99,8 % of diamonds makes АК «Diamonds of Russia-Sakha», from them
about 80 % of total amounts it was necessary on a tube "Successful" which delivered the production
on the world market about 10 million carat. The volume of production of other tubes – Sytykansky,
Ajhal, Anniversary – fluctuates about a half-million carat. Against the general estimated world's
reserves of diamonds the share of Russia is rather considerable (more than 30 %) and surpasses in
volumes all large diamondiferous regions of the world: the Central Africa (850 million carat),
Southern Africa (about 800 million carat), Australia (500 million carat).
In Yakutia to 80 … 85 % make diamonds of technical application of all volume of extracted diamonds
– low-grade, of little use for jewels. Therefore, as already it was told above, they can quite provide
requirements of the newest high technology branches of the industries both as an abrasive material,
and as additives to standard and again developed lubricants. Thus there will be a possibility of creation
of new workplaces which are necessary in an uneasy situation of a world economic crisis. The role of
technical diamonds and in electronic industry without which any state in the world today can't develop
is invaluable.
The American engineer L. Devis in article «Economic and strategic value of diamonds used in the
industry», published in March, 1955 in mountain-industrial and the technical journal of the South
African Union so has estimated value of diamond for industrial potential of the USA: «For such
modern, technically developed country as the USA, value of technical diamonds can't be
overestimated. In the USA 12 million carats of diamonds in cost about 50 million dollars is annually
consumed. It has been counted up that if this country has been cut off from sources of supply by
diamonds its industrial potential for very short term would fall to half». It is necessary to add that in
the fifties last century the USA bought up to 70 % of world extraction of diamonds. Now consumption
of technical diamonds in the USA has even more increased, hence, and their value has increased in
industrial potential of this country. Therefore Russia possessing huge stocks of such precious raw
materials, it is necessary to take advantage of experience of the USA and to make efforts in expansion
of scope of application of technical diamonds in the industries one of which are additives to greasings.
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Abstract
There are theoretical and practical results in the article witch clearly show a lot of problems with
modern brake testers and measurement procedures of diagnostic variables. First of all, present brake
testers have a low measurement repetition performance of the same car on the same tester. Second of
all, the impact of tests on the systems of cars, which are performed on the brake testers, doesn't fit the
conditions in which road control tests of vehicles are done. The method of measuring also greatly
influences the cars diagnostics quality on the brake testers. Value of errors may achieve 20% in
generally. Also there are some ways of solutions these problems and new brake testers to diagnosis
ABS and car brake system together when the car initial braking speed is from 40 km/h and higher
without extra energy consumption in the article.
Key words: brake tester, diagnostics, errors, consistency of data, measurement repetition.
Safety is a fundamental problem of the automobile transport industry. This problem has been
especially relevant for the last few years because the vehicle fleet keeps increasing annually and there
is no sign for the decrease of its growth.
Motorists' concern of the safety issues immediately followed the appearance of quite a large number of
vehicles on the roads and when the first road traffic accidents took place. The causes of the accidents
were different, but the majority of them had to do with one of the car systems malfunctioning. One of
the main safety indicators was and still is the braking effectiveness of a car.
At present, the widest spread diagnostic method of vehicle brake system effectiveness is the platform
method, which includes the use of power brake platforms with rollers.
The current platforms with rollers, which were designed back in the 50's of the last century, didn't
essentially change, with the exception of connecting them to computers, which allows information to
be processed on the programming level. This upgrade significantly simplified the diagnostic processes
of cars, but didn't eliminate the fundamental shortcomings, which are inherent in the power methods of
platform control.
First of all, present brake platforms with rollers, which are used for diagnosing car systems, have a low
measurement repetition performance of the same car on the same platform. Figure 1 shows the
distribution histograms of the measured values of the braking force on the right and on the left wheels
of a Toyota Corolla car, when it is tested on the platform with rollers.
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a

b
Fig.1. Distribution of braking forces on the front axle wheels of a Toyota Corolla when on the roller
brake platform: а – left wheel; b – right wheel; 1 – function of normal distribution; 2 – function of
normal distribution with the rotary platform.
Second of all, the impact of tests on the systems of cars, which are performed on the roller platforms,
doesn't fit the conditions in which road control tests of vehicles are done.
For instance, the tests of bus brakes on the road revealed that 50% of buses didn't stand the road test
where they couldn't meet the standard value of deceleration and exceeded the linear side deflection
when braking, whereas when tested on the up-to-date platforms with rollers, the results were positive.
The analysis reveals that the rollers of the platforms which are used at present, have a radius from 90
to 1000 mm. The wide radiuses dispersion of rollers (in comparison with the road) causes a significant
difference of the conditions in which wheels interact with the platform rollers. The research shows that
when the radius of the platform rollers extends, the measurement errors of the forces decrease (fig. 2).
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a

b

Fig. 2. The dependence of specific braking force on the speed and the diameter of the platform rollers
(coefficient of adhesion is φmax = 0,8): а – when the braking wheel doesn't travel; b – when the
braking wheel travels.
The biggest values of radiuses are allowed in the platforms which are used for the conduction of
research, in order to provide the best compliance with the road conditions.
The distance between axles of the platform rollers also influences the quality of measurements. The
research reveals that when the distance between the axles of the platform rollers increases, the
measurement errors of the forces also increase (fig.3.).
Traveling of the car while being diagnosed leads to the change of the normal forces dependence.
According to the research, when there appears braking wheel traveling on the rollers, specific braking
force changes.

а

b

Fig. 3 The dependence of specific braking force on the speed and on the value of the center-to-center
distance between the rollers (coefficient of adhesion is φmax = 0,8): а – when the braking wheel
doesn't travel; b – when the braking wheel travels.
The platforms with operational purposes are often given significantly smaller radiuses of rollers with
the intention to limit the overall dimensions and in order to obtain the most possible transitive relations
between the wheels and the rollers (in order to increase the speed of rollers rotation and the load
devices connected to the platforms).
Since rollers in different platforms have very different values of radiuses, common indicators can not
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be used for the vehicle technical evaluation because the most important condition of objectivity isn't
provided – invariability of the performance conditions. The test results, which were gained from
different platforms, also can not be compared.
Despite the different statements of the question in discussion, the theoretical research, which has been
conducted in this field, gives mostly an approximate understanding of what is going on with the tyre in
the moment when the wheel interacts with the roller.
The known data in this field, published earlier, didn't provide the analysis which could reveal the
possible influence of the curvature of the seating surface due to the fact that the biggest part of the
research was conducted on the platforms either with a flat seating surface or with a big radius of the
rollers or on the roads.
A double-seat scheme is used in the platforms with operational purposes. It means that one wheel sits
on two rollers (fig. 4). One fact is very important here, it's that one of the rollers (pos. 1 on the fig. 4)
on the braking platform is an active one – it's situated upfront and in the direction in which a car drives
up the platform. The second roller (pos. 2 on the fig. 4) is passive. The reason why they are called so is
simple, when the wheel interacts with the front and the back rollers on the platform, it loads the front
one with normal force more than the back one. That's why the front roller is called active and the back
one passive.

Fig.4. The scheme of the car wheel braking process on the platform rollers.
However, as the research reveals, when every wheel of the car sits on two rollers, the type of forces
interaction in the 'car-platform' system changes significantly. So, when the wheel sits on two rollers,
the area of contact (in comparison with the road) decreases significantly (up to 30%). And the
installation of automatic wheels between the rollers with the following self-regulation isn't done in full
measure when a certain inaccuracy (when the axle of the car isn't parallel to the axles of the rollers) of
positioning exists.
When the car braking system is being diagnosed on the platform, the car sharply shifts along the
rollers, even when the steering wheel is insignificantly steered. During the process of car diagnostics
in such conditions it's practically always occurs that, at least, one wheel of the car can touch the ringoff roller (if it's available) or reach the edge. That can cause extra errors which should be considered
when the relative difference of braking forces is being defined.
That's how the research helped to ascertain the dependence of the relative difference in braking forces
of the axle wheels which is caused by mutual no parallelism of the car axles and the platform when its
seating rollers have different diameters (fig. 5). It's been ascertained that when the axles are
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nonparallel only for 30 and when the roller diameter is 0,2m the relative difference can reach up to
30%.

Fig. 5. Dependencies of the relative difference in the braking forces of axle wheels when mutual no
parallelism of the car axles and the brake tester when its rollers diameters are being varied. (coefficient
of adhesion is φmax0 = 0,8).
As a rule, there's also a closed circuit in the platforms with rollers which generates a power flow that
passes through the rollers. They are connected with each other by the platform circuit on one side and
by the car wheel on the other one. Braking forces performance leads to longitudinal traveling of the
car. Therefore, kinematic discordance will be in the power flow, which means that there will also be
an extra power flow which is obtained as a consequence of the wheel radiuses (distances from the
center of the wheel to the seating surface of the first and the second one) in equation among
themselves.
The whole point is that, the similitude of the conditions, which imitate the rolling of wheels on the
road and on the platform, can not be characterized on the basis of the similitude principle.
That's why, in order to compare test results, which were obtained on the different platforms, we need
dimensionless characteristics, which would be able to characterize vehicle behavior in road conditions
depending on the change of the point of tire contact. They could characterize it as functions derived
from the deformation value (bend) for different types and sizes of tires on different roller platforms.
The method of measuring braking force and the load on the axle along with the calculation method of
deceleration or specific breaking force also greatly influence the cars diagnostics quality on the
platforms with rollers.
According to the conducted overview of methods applied in different platforms, the platforms having
been produced by different manufacturers, the indicators of deceleration or specific braking force are
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computed based on the braking forces, which were measured at the moment of automatic shut down of
the platform electric motors or at the moment when maximum permissible effort on the controlling
braking system element was reached, the effort is reached by the expression given:

K 
where  F Xi – the sum of braking forces;
weight.

 FXi  FXi

mO  g
GK ,

(1)

mO – car mass; g – the free fall acceleration; GK – car

In-turn, none of the normative documents regulate the measuring methods of the normal load on the
wheels, the axle of which is being diagnosed on the platforms with rollers.
Manufacturers of platforms with rollers include the principle in the platform computer software. It's a
principle of measuring the normal load GKi on the axle before diagnosing the braking system (static
method) and further consider this load as a constant one (fig. 6). But as the research reveals, the
normal load GKi changes during the diagnostics and it has a significant influence on the value of
braking forces, because the coefficient is FX (t )  GK ( t )   , a fortiori and influences on the
calculation of γk (fig. 6).

Fig. 6. The algorithm of defining
γК, according to the manufacturer
method.

Therefore, an error of calculation and dispersion of the measured values of specific breaking force γk
may occur because of the ill-defined measurement of the normal load on the car axle being diagnosed
and doesn't take into consideration its change at the moment of defining the maximum braking force
Fxi. The error may reach the level from 21,5% up to minus 7,16%.
The experimental research has been conducted in the following sequence. The car is mounted on the
platform with rollers, according to the operations manual. It is mounted with its front axle wheels, it
should be prepared according to the requirements of the normative documents. The mode - the
measurement of breaking effectiveness was chosen in the software of the platform computer. After
the command "brake smoothly", the robot pushed on the pedal that operates the braking effort. As a
result of this, the braking of wheels happened and also the measurement of the braking forces Fxij ,
normal load on the axle Gki and the force Fp were pushing on the brake pedal. All the measured
parameters were registered by the platform computer and by the measuring complex in real time.
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Multiple research was conducted. It was focused on the front car axle braking on the platform with
rollers. The car hand-brake system was activated and with the wheel blocks installed under the back
axle wheels. That multiple research revealed:
1) When there is an increase of braking forces, a temporal increase of normal load on the wheels of
the axle, which is being diagnosed, is observed. It happens as a result of the longitudinal traveling of
the wheels along the platform rollers and deformation of the elastic elements in the car suspension.
And then its value sharply decreases, as a result of the counteraction of braking reactions to the normal
load on the vehicle braking wheels (fig. 7). In consequence of the things mentioned above, the
blocking of the axle wheels, which is being diagnosed, passes ahead and the platform electric motors
shut down. Concordantly, potential car braking characteristics are not realized. The pattern of the way
load changes toward the seating rollers from the diagnosed axle, influences the braking force value,
thereafter, it also influences dispersion of its measured values;

Fig. 7. Dependence of the normal load change on
the car axle wheels and dependence of braking
force of time while braking on the platform with
rollers.

2) At the moment when the platform computer measures braking forces (the moment when the
platform electric motors shut down as a result of reaching the point where wheels spin-out SX value
≈0,25), the error of the normal load (the normal load which was defined in the static mode) on the
wheels of the diagnosed axle in comparison with its actual value (the actual value is based on the 50
measurements) it reaches interval from minus 11,8% to plus 0,8% (fig. 8). We'd like to remind you
that according to the normative documents it should be not more than ±3%;
3) The error of the calculated specific braking force or deceleration gives from minus 21,5% to minus
7,2%.
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Fig 8. The error dispersion of the statically
measured weight value of the front car axle on
the platform, taking into account the actual one,
where N – number of measurements; nj – number
of observations in the class.

Judging by the results of the research, it seems that it would be necessary to additionally limit car
traveling against the platform rollers in the horizontal direction. Thus, we exclude unloading of the
wheels of the diagnosed car axle during the braking on the platform with rollers. However, the fixing
of the car, either in a horizontal or in a vertical direction, didn't give positive results. The error of the
normal load (the normal load which was defined in the static mode) on the wheels of the diagnosed
axle in comparison with its actual value (the actual value is based on the 50 measurements) reaches an
interval from plus 0,1% to plus 3%. This complies with the requirements of the normative documents.
But the error of the specific braking force calculation is in an interval from minus 10,8% to minus 5%
which doesn't comply with the requirements of the normative documents.
Thus, the error of defining the specific braking force or deceleration is caused by the inaccurate
measurement of the normal load on the axle and by the lack of accountability of its changes in the
moment of defining maximum braking forces.
The results of the conducted research prove that application of the factory measurement method (fig.6)
and calculation of the force parameters on the platforms with rollers, give big errors.
Grounding on the results received, we can make a conclusion that there is a necessity to measure the
normal load on the diagnosed axle in the dynamic mode.
We developed the measurement method algorithm of force parameters in dynamics on the platforms
with rollers. We have also conducted its experimental evaluation.
This method (fig.9) represents the process of braking as a dynamic one. That means that there is a
constant registration of such parameters as load on the axle Gk(t), braking force Fx(t)(Gk(t),φ) and
spinning-out Sx(t). Concordantly, when maximum braking force is diagnosed, load on the diagnosed
axle is measured along with it.
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Fig. 9. The algorithm of the improved measurement method of the force parameters on the platforms
with rollers.
Realization of this method in the operational conditions requires car fixing to prevent its traveling.
Fixing can be done only with the wheel blocks when diagnosed on the platforms with rollers.
Concordantly, there will not be extra time consumption significant to the conditions of mass
production.
For instance, if unloading of the diagnosed axle happened while braking, consequently, the realized
tangential reaction decreased. So, if we do a calculation of the specific braking force or deceleration,
and we do it with the use of the values of diagnostic parameters, which were obtained in the dynamics
according to the suggested method, we will obtain an objective result. The error of that result will
comply with the normative documentation. But if the normal load was changed in the static mode then
by using specific braking force γК (this value is bigger than its actual one) in calculation, we will
obtain an underestimated result. Its error will not comply with the requirements which were revealed
in the results of the research.
Certain conclusions about the anti-blocking system (ABS) are necessary to be mentioned. On the one
hand, ABS is an extra car option and it doesn't always function. On the other hand, ABS functions in
critical situations, so people's lives and safety of goods depend on its functioning. That's why the
present approach of the separate control of the braking system technical condition and ABS is flawed
(fallacious). Because with existing control methods, which are conducted at the speed of 2-4 km/h, a
qualitative evaluation of braking system technical condition and ABS is impossible.
It's necessary to develop new effective methods of braking system control with the functioning ABS
on the platforms.
The suggested control method is grounded on defining the integral parameters of the braking process
control of the car with functioning ABS on the platform with rollers:
1. To evaluate car braking effectiveness – average value of specific braking force:   1
K
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where

Rxj – the average value of the braking process of the realized tangential reaction on each of the

car wheels;

Gкj - the average value of the braking process relative to the weight of the car parts which

put pressure on every braking wheel;
K – the number of car wheels.
2. It is expedient to evaluate car stability, when braking with functioning ABS, with the help of
relative difference of axle wheels braking forces

K н . The relative difference was calculated based on

the average values of realized tangential reactions obtained during the braking process
Rx left  Rx right

reactions were measured on every wheel of the diagnosed car axle: K n 
where

Rx max

Rx .

The

100% ,

Rx max - the crest of average values of realized tangential reactions obtained during the

braking process on the left Rx left and on the right Rx right wheels of the diagnosed car axle.
3. It is rational to evaluate the ABS regulation quality, while going through the car braking process,
based on the average values of the relative spinning – out
where

Sj

S: S

1
K

K

Sj ,
j 0

- the average value of spinning out for one car wheel.

S , the more accurate and timely ABS reacts to the braking mode change of the car wheels. It
regulates the process of braking more accurately. And otherwise, the more S the more rough

The less

also
ABS reaction toward the braking process and as a sequence, the reaction is less accurate and adequate.
It's reasonable to use the parameter S only along with the parameter
effectiveness with the functioning ABS.



which considers car braking

The range of change significant in the slipping of ΔS and the realized tangential reaction ΔRx are
grounded for more accurate ABS regulation quality evaluation, while going through the car braking
process.
4. It's rational to base the velocity control of car braking systems with ABS on the time measurement
tср – from the moment when the working braking system controller is pressed on to the moment of
reaching the specific braking force of its normative value. It’s regulated by the All-Union State
Standard (GOST)
Р 51709-2001.
The conducted analysis helped formulate the basic requirements. They are the qualifying standards for
the control method of the braking process of the cars with functioning ABS when they are tested on
the platforms with rollers. The method should provide:
-

synchronous spinning of all the seating rollers on the platform during all the braking process;

continuous measurement of braking forces, normal loads, specific braking forces, angular
velocity, angular velocity and slipping. All of the mentioned above should be done individually for
every breaking wheel during the whole diagnostic process;
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the speed of rollers spinning, without intensifying power of the platform actuating source,
needed for ABS functioning;
the exclusion of temporal measurement errors and kinematic parameters of the braking process
which are connected with the wheels torsional vibrations;
-

the possibility of simultaneous diagnostics of all the braking car wheels;

-

the possibility of the car weight redistribution between its axles;

-

the uniform scaling of the seating rollers spinning on the platform when braking;

a minimally possible number of friction assemblies in the power circuit in the the area – from
the point of braking force application to the measuring sensor;
-

the measurement systems errors which do not exceed the standards requirements;

the use of integral indicators for the evaluation of the breaking process quality of the cars with
functioning ABS.
The fully supporting braking inertial roller platform (fig. 10) was designed and made according to the
requirements. The platform rotating mass acceleration is provided by the propulsion of the diagnosed
car. Noncontact magnetostrictive sensors provide braking forces measurement on every braking
wheel.

Fig. 10. The scheme of the fully supporting braking inertial roller platform:
1 – non-movable platform, 2 – movable platform, 3 – supporting roller, 4, 6 – chain belts, 5 – rotating
mass, 7 – chain coupling, 8 – magnetostrictive sensor of decelerating torque, 9 – angle countershaft, 10
– multiple-splined prop shaft, 11 – inductive sensor of the supporting roller angular velocity, 12 –
inductive sensor of the car wheel angular velocity (ABS standard sensor), 13 – weight sensor, 14 –
force sensor on the brake pedal, 15 – amplifiers and conversion devices module, 16 – ADC (analogdigital-converter), 17 – computer.
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Time dependences of the realized tangential reactions Rx on the car wheels, angular velocity of support
rollers ωр, and wheels ωк. When a TOYOTA COROLLA braking system with functioning ABS was
tested on the developed braking platform.

Fig. 11. Oscilloscopic picture of a TOYOTA COROLLA braking process with functioning ABS on the
fully-supported roller brake platform (front axle).
It was also revealed that ABS doesn't work if separate diagnostics of axles is done, i.e. if during the
diagnostics process one or more wheels of the axle, which are not diagnosed, are non-rotatable. It
happens because there is an absence of signal in the ABS electronic control package from the angular
velocity sensors of the non-rotatable wheels of the vehicle axles which are not diagnosed. That is why
there's no possibility to control brake processes of the multiaxle vehicles with functioning ABS in the
conditions provided by the platform.
To provide the effective control of a multiaxle vehicle with ABS, the basis of a construction was
conducted and a single-platform inertial tester with rollers was produced. It allows conduct
consecutive diagnosing of every axle anti blocking system of the multiaxle vehicle. The kinematic
platform scheme is provided on the Figure 12.
An electric motor with the phase-wound rotor 16 having a capacity of 40kW is used as an actuating
device. It provides the testing mode of vehicle brake system diagnostics when the car initial braking
speed is from 5 to 70 km/h, which is quite enough for effective ABS testing. (It provides it with the
help of liquid rheostat 15 and mechanic gear reducer.) From figure 1 we can see that the electric motor
16 drives rollers 2 by cardan drives 13, chain belts 5 and rotating masses 14. The rollers have a ribbed
surface. Rotating masses 14 provide kinetic energy storage in the mode of platform rollers
acceleration. And its expense they maintain the wheels rotation of the diagnosed axles during the
process.
The emulator 10 construction of non-rotatable wheels braking process of the vehicle axles, which
aren't diagnosed, with ABS function was developed. It was done for adequate ABS operation during
the braking system diagnostic process of multiaxle vehicles on the single-platform tester.
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Fig. 12. – Structural scheme of the
developed platform and vehicle
1 – single-platform brake tester; 2 –
rollers; 3 – wheels angular velocity
sensors of the diagnosed vehicle axle;
4 – rollers angular velocity sensor; 5 –
chain belts; 6 – brake pedal force
sensor; 7 – switched off wheels
angular velocity sensors of the axle
which isn't diagnosed (or more than
one axle) 8 – VEHICLE; 9 – wheels
of the axle which isn't diagnosed (or
more than one axle) 10 – emulator; 11
– emulator angular velocity sensors;
12 –ECM (electronic control module)
with ABS pressure modulator; 13 –
cardan drives; 14 – fly wheels; 15 –
liquid rheostat; 16 – electric motor;
17 – mechanic gear; 18 – brake forces
magnetostrictive sensors; 19 – wheels
load sensors of the vehicle diagnosed
axle; 20 – amplifiers and conversion
devices module; 21 – analogousdigital conversion; 22 – personal
computer.
Application of all the methods, sequences and equipment mentioned above will allow for movement to
a new level of the modern vehicle technical check up.
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Abstract
The problems of the automated installation design for the industrial production of thermoelectric
materials based on bismuth telluride are under consideration. The main features of technology and
installation implementing it are discussed and construction of the automated control system based on
industrial and microcontroller tools is presented. The paper gives short overview of the processing
equipment and the special software technical design, as well as the full layout of automated
installation manufacturing and testing technical design.
Key words: Thermoelectric Materials, Bismuth Telluride, Oriented Crystallization, Shaper,
Synthesis, Casting, Annealing
1.INTRODUCTION
At present semiconductor technology of manufacturing of thermoelectric materials (TEM) are widely
used around the world. Semiconductor thermoelectric devices (modules) used to generate electric
power, temperature control, cold production in various industrial sectors and households, are made
from them.
Some results of creation in ETU (Department of Automatic Control Systems) an automated system
for manufacturing crystals of thermoelectric materials, satisfies technology requirements developed
by the of OAO "Research and Production Enterprise of thermophysical instruments" OSTERM SPB.
2.FEATURES OF THE TECHNOLOGY, IMPLEMENTED IN CREATED FACILITY
There are various methods for obtaining thermoelectric materials used in certain types of raw material
[1]. The basis of implemented by automated installation technology for obtaining (casting, synthesis,
crystallization, and annealing) of thermoelectric materials based on bismuth telluride on the method
of directional solidification, which consists in the formation of controlled temperature gradient in the
field of crystallization.
Directed crystallization method , which consists in the formation of controlled temperature gradient in
the crystallization is the basis of implemented by an automated installation technology for
obtaining (casting, synthesis, crystallization, and annealing) of thermoelectric materials based
on bismuth telluride. Control of temperature field can be performed either through mechanical
movement of the shaper with a substance relative to the heater [2, 10, 13], or by adjusting
the heater itself (see for example [15]) or by heaters temperature range control (and chillers) (as for
example, in [9, 12]).
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The last control method is realized in the installation as the most progressive. This method
allows flexibly control the distribution of temperature throughout the volume of the shaper to
obtain crystals with given electrophysical properties. In particular, when using the shaper of
elongated forms, suggest a horizontal or vertical, as in the created installation, directions of
temperature gradient (see, eg, [2, 13.15]).
Profiling generated grown crystals of thermoelectric materials is provide in the installation by
making injection chambers of the shaper geometric dimensions close to the required size of
materials. This is done to reduce the time and energy costs during crystallization, as well as losses of
raw materials during the final mechanical processing the crystals (see for example [11, 14]). In
addition, the crystallization process is carried out at a pressure of protective gas environment, such
as in [6, 16].

3. DESCRIPTION OF THE CREATED INSTALLATION FUNCTIONAL STRUCTURE
The technological process of obtaining profiled crystals of thermoelectric materials based on bismuth
telluride is carried out as a single process in the installation. It combines processes of synthesis,
casting, annealing and crystallization occurring
in a
vacuum chamber using
a
special graphite disassembled container - reusable shaper.
The basis of the installation is working chamber (tube furnace). It is composed
of graphite heaters, mixing device and the gas-vacuum system, consisting of a vacuum pump, pressure
gauge, control valve and connecting hoses and vacuum provides the internal volume of the working
chamber and to maintain positive pressure of inert gas. In the working chamber is
placed shaper, having at the top of the boot capacity, and the bottom - injection molds
(crystallization cell), connected with a loading capacity of the holes. Graphite heaters are located in
the upper part of the working chamber, and the base of the shaper is on a pedestal, equipped
with water cooling.
In the synthesis raw materials (chemical elements Bi, Te, Sb, Se) are fused in certain combinations
and proportions in the boot area of the shaper to form a feedstock for the subsequent growth of
crystals of thermoelectric materials. Synthesis is accompanied by intensive mixing of the melt, reduces
the time of synthesis and, consequently, the loss of highly volatile components of the melt. To
suppress the volatilization of the components is also applied filling the working chamber with argon
overpressure.
The casting process is carried out at least the end of the synthesis process.
Simultaneously with the temperature in the chamber rises, there is penetration of ports (gates)
separating
the
sections
of synthesis
and formation,
the
melt flows,
filling
the cavity shaping crystallization.
The process of directed crystallization is provided by controlled-oriented vertical temperature gradient.
At the
same
time to
control
the heating
of
the graphite heater with the
top
of
the mold and cooled shaper with a water-cooled pedestal at the bottom of the mold shaper.
Temperature mode of the crystallization process is measured by the thermocouples placed at the
top and bottom of the shaper.
At the final stage of manufacturing profiled crystals are usually subjected to subsequent annealing
at the
experimentally
determined annealing
temperature.
This
temperature is
always lower temperature of crystallization.
A transition to the annealing temperature exercise in two ways. In the first method the crystals rapidly
cooled to ambient temperature and then slowly heated to the annealing temperature. By the second
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method crystals are slowly cooled from the crystallization temperature to ambient temperature and
then heated to the annealing temperature. Annealing by both methods is made directly to the
shaper without unloading thermoelectric materials after crystallization.
In accordance with technical specifications compiled by "NPP TFP" Osterm SPb ", at Automatic
Control System Department was developed construction documentation E SPVG.040441.01
and made a working model of the automated installation of synthesis, casting, crystallization and
annealing of crystals shaped thermoelectric materials with precise casting equipment (the act
of manufacturing № 444/54-2 from 21.06. 2011)
Figure 1 shows a photograph of layout automated installation, located in the educational and
scientific laboratory at the Automatic Control System Department.
Laboratory was
founded jointly with JSC "NPF TFP" Osterm St. Petersburg ". Figure 2 shows a general drawing of
the basic structural component of layout - the working chamber.

Fig. 1. General drawing of the basic structural component of layout - the working chamber
All the nodes titles of the working chamber, as shown on drawing callouts (Fig. 2), previously
explained in the text.

4. THE AUTOMATIC CONTROL OF TECHNOLOGICAL PROCESS IMPLEMENTED
BY THE INSTALLATION
An important part of automated installation is the development of technological process
automated control system.
Automated control system provides the following functions:
 Automatic control of the main process parameters:
internal temperature of mixing, the temperature of the shaper, heater temperature, the
temperature pedestal, the pressure inside the chamber mixing to ensure the stabilization of the
given technological conditions;
 Automatic start of preparatory operations preceding the beginning of the cycle (gas
and vacuum subsystem);
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 Automatic generation of the start / stop signal for production
equipment (actuators) subsystem of heating, cooling, ventilation, and mixing;
 Automatic monitoring of the technological process;
 Alarms on emergency deviations of main parameters of technological processes and
the state of the actuators;
 Scheduling, registration, processing and archiving of data: visualization subsystem /
SCADA.
The hardware part of the automated control system is realized as:

Current leads

Graphite heater

Mounting the
drive mixers

The boot capacity of the
shaper
Injected shaper form

Pedestal

The base of shaper

Fig. 2. Nodes of the working chamber

 Computer operator panel, based on of the industrial controller TPC 12 606 touch
screen 12.1 "(shown in Fig.3);
 Specially designed control board, based on the microcontroller Atmega 128
A from the periphery and a connector for programming (shown in Figure 4.)
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Fig. 3. Computer operator panel

Fig. 4. control board, based on the microcontroller Atmega 128 A
Automated control system functions are realized with special software, which organizes: automatic
control of technological process with given algorithms, data exchange with interface controller,
human-machine interface and real-time visualization of technological process, emergency
signalization and alarm control, storing of process data.
Main window displays data of bar and temperature sensors on the plot and in the digital poles. Buttons
T1-T4 are used to switch current plot. Special buttons with arrows let user to move along the time
axis.
Using this window operator may supervise the technological process in the real-time: it has buttons to
turn cooling subroutine on and off, to safely emergency stop the process using software procedure, to
look through the archived data of the process parameters. Buttons of the selection of the algorithm of
the process let operator to choose between different technological processes with preset parameters.
The amount of these programs is compliment to the set of forms precision casting tooling shaper,
which are contained in the installation. Each form has its set of parameters of crystal synthesis - bar,
temperature, heating and cooling rates.
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Fig. 5 shows a user window interface displayed on the screen industrial computer.

Fig. 5. User window interface

INFORMATION MEASURING SUBSYSTEM
Data collection and processing, software
control temperature, and communication functions,
logging

SUBSYSTEM HEATING
Heating, temperature
control

VISUALIZATION SUBSYSTEM
Monitoring, display parameters, data
storage HMI / SCADA

Reserved ring

SUBSYSTEM VENTILATION
Ventilation (exhaust)
The output of vapor in the
atmosphere

SUBSYSTEM GAS VAC
UUM
Vacuum, argon /
air pressure control

Fig. 6. The block-diagram of the system
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Software includes two subroutines: one for human-machine interfacing is realized in the
computer operator panel (fig. 3) and one for automatic control of technological process is realized in
microcontroller installed on the control board (fig.4).
The block-diagram of the system (including control part and processing part connected with "reserved
ring" network with computer operator panel as "master") is shown on the fig.6.
On the existing layout, developed automated installation production thermoelectric materials bismuth
telluride (see Fig. 3, 4, 5) were made experimental studies (trial heat). They confirm the safe and
reliable operation of automated installation during all modes of operation.
This work has been done with the financial support, carried out by order of the Government of the
Russian Federationon № 218 on April 9, 2010 "About measures of state support for cooperation of
Russian higher education institutions and organizations that implement complex projects to
develop high-tech production."
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Abstract
Automobile industry occurs in an unenviable situation, due to a higher competition on automobile
market and market contest for every customer. As a result, the existence of companies in automobile
industry is not secured but presents a motif for the development. These days the market seeks from
automobile industry better performances, better quality, higher security, less energy-generating
products consumption and lower price. These are the consequences of the latest happenings on global
market in automobile industry. The companies in automobile industry need to be innovative and
automatize their manufacturing process, i.e. to modernise. The automation is impossible without
industrial robot application in manufacturing process. This is the reason for the application analyses
of industrial robots in automobile industry, and also owing to the highest number on the industrial
robot world market has been applied in automobile industry. This paper provides cooperative
analyses of the industrial robot application in automobile industry, at the annual level, regarding the
other industrial branches in 2010. It provides the industrial robots application in this industry over the
continents and countries with the most developed automobile industry, and also provides the rise and
decline of the industrial robot application.
Key words: industry, automobile, industrial robot, robot application

1. INTRODUCTION
To satisfy the customer seeking from automobile industry better performances, better quality, higher
security, less energy-generating products consumption and the lowest company price , their
manufacturing process needs to be automatized and to apply the industrial robots in their
manufacturing process [1, 2, 3, 4, 10]. Additionally, the new technologies need to be introduced. With
the utilization of the new material, the new challenges of the key aspects of automobile designing are
introduced considering the security, economics and ecology. Some of the examples are: the new
material application, small particular weights with strengthen constructive solutions, a special design
of the front bearer structure resistant to blasts, with the possibility of high blasts amortization, a broad
electronic components application in order to improve security, economy and social environment
protection. All these mentioned reasons are obtained through modernization and automation, i. e.
investing in manufacturing process improvement of automobile industry and higher robotization of
manufacturing process. The countries like: China, India, Thailand, Malaysia and Taiwan are making
efforts to increase their involvement in automobile industry by increasing involvement in industrial
robot application. In counties of Western Europe, North America and, which are traditional in
automobile industry, reduced their involvement in industrial robot application. After the continuing
slight fall of industrial robot application in automobile industry from 2005, in 2010 it becomes the
biggest consumer of robot application. There has been applied 70% of robots more then in 2009.
Considering the overall annual industrial robot application, automobile industry holds 35, 86 % in the
World (2010).
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2. STATISTICAL DATA OF THE WORLD INDUSTRIAL ROBOT APPLICATION
Statistical data of the industrial robot application are taken from (IFR)-International Federation of
Robotics [4, 5, 6]. The data shown in Table 1 are providing the overall industrial robot application
from 2005-2010 in Europe, America, Asia/Australia and Africa. The figure 1 presents industrial robot
application trend in Europe, America and Asia from 2001 to 2010.
Table 1. Operational stock industrial robot application from 2005-2010 [1, 4, 5, 6]

Application
Country/Year

Operational stock of industrial robots
2005

2006

2007

2008

2009

2010

America

143.634

154.680

165.328

173.977

172.141

179.785

Asia/Austra.

481.652

479.027

497.756

514.914

501.429

498.933

Europe

296.918

314.473

328.890

343.329

343.661

352.031

Africa

634

1.060

1.323

1.777

1.973

2.232

922.838

949.823

999.264

1.035.301

1.020.731

1.035.016

TOTAL Σ

According to the Table 1 it can be seen that in 2009, the total number of the industrial robot
application was minimum due to the world industrial crisis. Observing the industrial robot application
over the continent, first comes Asia/Australia with 498.933 units, then Europe with 352.031 robot
units, America with 179.785 units and Africa with 2.232 units of the applied robots in 2010.

Figure 1. Annual supply and operational stock of industrial robots in Europe, America, Asia/Australia
from 2001 to 2010 [5]
The Figure 1 presents the industrial robot application trend in the period of 2001-2010, at the annual
level and total level in Europe, America and Asia. Here we come to the conclusion that at the annual
level in 2009 and 2002 were years of minimum industrial robot applications. When we observe the
world total industrial robot application over the continent, Europe and America are increasing the
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robot application, while Asia for the past two years holds the constant trend of industrial robot
application.
3. INDUSTRIAL ROBOT APPLICATION IN WORLD AUTOMOBILE INDUSTRY
According to the statistical data given in literature [1, 2, 6, 7,10], the Table 2, Table 3 and Figure 4
presents the annual and world industrial robot application in manufacturing process: plastic and
chemical industry, metal industry, electro/electronic industry, automobile industry and the other
industries( none of the mentioned groups), from 2005 to 2010.
Table 2. Annual supply of industrial robots by industrial branches

Application

Annual supply of industrial robots

Indusr./Year

2005

2006

2007

2008

2009

2010

Chem., plastic

11.494

15.728

15.703

12.575

6.852

10.518

Metal product

9.135

12.392

13.442

14.778

5.253

7.934

Elec./electron.

23.032

19.806

17.104

16.439

10.855

30.745

Automotive

48.936

40.467

40.920

40.437

19.260

32.702

Other ind.

8.403

9.264

10.243

10.035

2.042

9.277

101.000

96.658

97.422

94.262

49.162

91.176

TOTAL Σ

If we analyse the Table 2 we come to the conclusion that automobile industry is one of the leading
industries in industrial robot application, than comes the electro/electronic industry and plastic and
chemical industry. From 2005 to 2010, the annual robot application in automobile industry moves
from 35% to 48%, considering the other industries. A sudden move of robot application in this
industry was in 2010, in relation with 2009 (69, 79%) due to the industrial crisis in 2009.

Figure 2. Application of industrial robots in automobile body welding [10]
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Table 3. Operational stock of industrial robots by industrial branches

Application

Operational stock of industrial robots

Indusr./Year

2005

2006

2007

2008

2009

2010

Chem., plastic

80.683

88.856

107.719

114.899

113.700

110.064

Metal product

71.446

81.313

90.361

98.515

98.245

97.427

Elec./electron.

123.310

134.240

141.429

147.755

144.457

146.539

Automotive

260.906

315.510

345.084

363.785

364.852

373.223

Other ind.

190.484

183.616

83.187

96.144

83.780

80.167

TOTAL Σ

626.829

703.745

767.780

810.098

806.034

807.410

When considering the total robot application in automobile industry, the Table 3 shows exactly the
same figure as of the annual world industrial robot application. The first place takes the automobile
industry, the second is electro/electronic industry and the third place takes the plastic and chemical
industry.

Figure 3. Application of industrial robots in automotive industry assembly [3,10]
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Figure 4. Annual supply of industrial robot application by industrial branches from 2008 to 2010 in
the World
The graph on Figure 4 shows the annual industrial robot application in all industries and describes the
deviation from each other in the past three years (2008, 2009, 2010).
Table 4. Industrial robot application in 2010 by industrial branches [5]

Application
Country

Application of industrial robots by industrial branches and countries
Automo.

Elek/Ele.

Chem.

Metal.

Food

Other

Σ TO.

China

8.300

1.800

1.452

1.800

300

1.326

14.978

R.Korea

7.056

12.644

727

253

84

2.744

23.508

Germany

6.929

700

1.343

1.705

913

2.410

14.000

N.Amer.

5.368

3.555

1.551

1.189

935

3.758

16.356

Japan

5.223

9.940

1.832

1.556

429

2.923

21.903

Thailand

1.500

28

491

2

4

427

2.450

Italy

978

141

697

802

478

1.424

4.517

Spain

941

64

100

119

304

369

1.897

France

848

128

241

154

282

296

2.049

The next figures show the industrial robot application in four European countries with developed
automobile industry: Germany, Italy, France and Spain [4,5,6,7].
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Germany

France

Italy

Spain

Figure 5. Application of industrial robot in European countries
The Figure 6 shows the industrial robot application in four Asian countries with developed automobile
industry or is in the development process: Japan, China, Republic Korea and India [4,5,6].

Japan
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Republic of Chorea

India

Figure 6. Application of industrial robot in Asian countries
The Figure 7 shows the industrial robot application in American countries, with the developed
automobile industry or is in the development process: USA, Canada, Mexico, Brazil and Argentina.

America (USA, Canada, Mexico)

Brazil i Argentina

Figure 7. Application of industrial robot in American countries [5]
According to the Table 4 with the analyses carried on only for leading countries, considering the
industrial robot application in different industrial branches, the conclusion refers that the highest
number of installed robots in automobile industry is in: China, Republic Korea, Germany, North
America and Japan. When it comes to Europe, the fall of industrial robot application in automobile
industry is evident in Germany, France and Italy till 2009. In 2010, the trend increases, but in Spain
the declining trend still continues to exist. In Asia, the highest number of robot application exists in
China with 8.300 units, presenting 20% of the total robot application in automobile industry. This
country increases its investment in automobile industry manufacturing capacities and also automation
and modernization of manufacturing process, resulting with the increase of robot application.
Countries like China, India, Thailand, Malaysia and Taiwan [3, 4, 5] are increasing their involvement
in automobile industry by partaking in industrial robot application. In motor vehicles industries like
Western Europe, North America and Japan the industrial robot application declined in the past few
years considering the automobile manufacturing tradition. After the continuing fall of the industrial
robot application in automobile industry from 2006, in 2010 it becomes the biggest robot application
consumer with 70% more robot applications then in 2009. Concerning the annual robot application,
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the automobile industry takes 35.86% in 2010. We can compare the world industrial robot application
by percentage, in the automobile and in other industries at the annual and at the total industrial robot
application level in order to perceive the differences and dependences from industry to industry in
2010 and make conclusions. In figures 8 and 9 the robot application in all world industries for 2010
has been shown.
Plastika
i kemijska
Chemical, rubber and
industrija
plastic industry
10,13%

11,53%

8,70%

Metalna industrija
Metal product industry

Elektro/Elektronika
industrija

35,86%
33,72%

Automobilska industrija
Electrical/electronics
industry

Ostale industrije

Figure 8. Percentage of annual supply of industrial robots in the World by industrial branches
in 2010

Plastika i kemijska

Chemical, rubber and plastic
industrija
industry

9,92%

46,22%

13,63%
12,06%
18,14%

Metalna industrija
Metal product industry

Elektro/Elektronika
industrija
Automobilska industrija

Electrical/electronics industry

Ostale industrije

Figure 9. Percentage of operational stock of industrial robots in the World by industrial branches
in 2010
From the percentage annual world industrial robot partaking in different industries in 2010, given in
Figure 8, the first place in robot application takes automobile industry with 35, 86%, then
electro/electronic industry with 33, 72%, and the third place takes plastic and chemical industry with
11, 53%. It is the same trend in world total industrial robot application, with different percentage
partaking: automobile industry with 46, 22%, electro/electronic industry with 18, 14%, plastic and
chemical industry with 13, 63%, and the fourth place takes the metal industry with 12, 06%. We come
to the conclusion that the automobile industry counts the highest number of industrial robot
applications at annual and at the world total level, in relation with the other industrial branches.
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4. CONCLUSION
According to the presented tables and figures we come to the next conclusions about industrial robot
applications in the world. The automobile industry invests in manufacturing process of industrial robot
application and the highest robot number is applied in spot welding of automobile bodywork. The
industrial robot applications in automobile industry vary till 2008. In 2009, the industrial robot
application faced serious difficulties due to the world global financial crisis in 2008/2009, but in 2010
the robot application highly increased. The industrial robot application in most of the Western
European countries in automobile industry faced with the declining trend from 2003/2004, but the
lowest industrial robot application in automobile industry was in 2009. Even though the robot
application in this industry was higher during a few years, the total number of the industrial robot
application is still beyond the level that existed in 2003/3004. Consolidation of the automobile
industry in Western Europe market left a mark before the industrial deceleration. Even though in 2010,
the robot application in automobile industry was highly increased but still didn't reach the level before
the world global financial crisis. Considering the automobile industry in Japan, the application robot
trend constantly deals with the fall since 2005, although 2010 records higher applications in
comparison with 2009. In Republic Korea, this trend constantly increases and culminated in 2010. In
Asia, the biggest number of robot application is in China (8. 300 units). It presents 20% of total robot
applications in automobile industry. It is obvious that this country invests in manufacturing capacities
of automobile industry and also automation and modernization of manufacturing process, which
increases robot applications. In order to increase their involvement in automobile industry, countries
like China, India, Thailand, Malaysia and Taiwan are increasing their partaking in industrial robot
application. From the annual world industrial robot involvement in different industries in 2010, the
first place in robot application takes automobile industry with 35, 86%. The identical trend of
involvement is in the world industrial robot application in automobile industry with 46, 22%, and
takes the first place considering the other industrial branches.
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THE STUDY OF THE IMPACT OF SUDDEN POSITION CHANGE OF A MOBILE ROBOT,
MOVING ALONG A STEPPED STRUCTURE, ON MECHATRONIC ENVIRONMENTAL
ORIENTATION POSITIONING SYSTEM SUBJECT TO THE HEIGHT OF THE STEP
Arnas Papsys1 Gintautas Daunys2,
1Kaunas University of Technology, 73 K. Donelaicio str., Kaunas, Lithuania
2Siauliai University, 88 Vilniaus str., Siauliai, Lithuania

Abstract
When a mobile robot implements the assigned task, its movement route is known in most cases. A
movement algorithm is designed for it: in accordance with available maps should this be an open
space, and in accordance with available schemes should this be the inside of a building. In any case, a
mobile robot will have to move on some surface, which dynamic stability is hard to foresee accurately,
and it cannot be identified by human due to particular environmental conditions (as in a multi-storey
building that is in a state of emergency). It is dangerous for a person to enter such a building due to
possible collapse, therefore a mobile robot mostly orientates oneself inside of the building in
accordance with previously designed building schemes. However, the condition of movement surface
remains an unpredictable problem. Therefore in this study we will analyze the reaction of mobile
robot‘s mechatronic environmental orientation positioning system to a situation when visually stable
surface, along which mobile robot moves, changes when robot touches it.
Key words: mobile robot, stepped structure, mechatronic positioning system.

1. INTRODUCTION
The mobile robot’s (hereafter MR) operation environment is different in every particular case. MR’s
movement avoiding obstacles is the main movement task [1,2]. When it moves, its mechatronic links
also move. Only in one cases their movement trajectories are based on a scheduled algorithm, in other
cases algorithm is designed in accordance with visible environment features. The obstacle that should
be overcome or avoided must not necessarily be an elevation spot on the even flat surface, as it is
described in many sources of academic literature, but also it could be almost undistinguishable
fragment of the flat surface (concave, puddle). MR, being aware of the existing obstacle on its way or
upon noticing it while moving along its course, can stop, analyze the situation and technical features of
the obstacle, assess its capabilities and overcome the obstacle by creating an appropriate operation
algorithm for its mechatronical parts [3,4,5], which are able to shift and have a direct contact with the
environment. However, the problem becomes apparent with obstacles, which are not visible to MR
and are not indicated on the map, and when technical equipment does not locate them at all or assesses
them erroneously due to the different lighting [6]. As an example, it would be possible to indicate a
MR with a laser scanner that scans the environment to design the movement course and perceives a
puddle as a perfectly flat surface [7]. In this case, a MR is not able to determine obstacle features
correctly, for example, the depth of the puddle, and when robot puts its foot on an allegedly perfectly
flat surface, it may shift. When MR gets into this kind of situation and unplanned change of its
position occurs, its control systems must react adequately [7,8] to occurring changes by stabilizing the
position and optimizing their functioning [10].
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2. THEORETICAL PART
In this specific case, we will analyze a theoretical possibility that MR executes a task inside a multistorey building. The building is in an emergency state. The MR climbs along a step structure from one
storey to another. Non-contact environmental scan is performed during the climb along a step
structure. When MR puts its foot on a step, it suddenly collapses. The instability of such a step could
not be located even by technical vision capable to analyze up to 90% of environment [11], even if it
has colour vision [12]. Figure 1 illustrates the preliminary incident scene (see Fig. 1).

α≠35o
v

b)

α=35o
a)

Fig. 1. MR’s movement along a step structure: a) MR moves in accordance with scheduled algorithm,
b) When MR steps onto a step, it collapses.
Unplanned sudden change of MR’s position with respect to stepped structure and possible loss of
orientation occurs. In order to maintain orientational continuity [6], MR’s mechatronic environmental
orientation positioning system (hereafter MEOPS) must react [13] adequately to resultant hopping
signal of MR’s position change and return to the previous position [9]. Let us consider that MR moves
along a stepped structure in accordance with preliminary designed algorithm with an angle of α=35o
against the stepped structure. The hopping MEOPS reaction occurs when a part of the step collapses
and MR stumbles α≠35o, the change of MR’s position in this situation depends on the height of the
step that may vary from 12 to 22 cm [14]. In our research we shall use: minimal, average and
maximum step height, i.e., 6 cm, 14 cm and 22 cm, when MR length is 60 cm.
2.1 Theoretical part calculations
We are going to analyze MR’s MEOPS dynamic modes, the reaction of speed and shift angle to
hopping control signal and define the quality of dynamic processes [3,4,5,13]. Technical parameters of
MEOPS actuator are presented in Table 1 (see Table 1).
Table 1. The main parameters of mechatronic actuator
nN, rev/min

nmax, rev/max

UN, V

MN, Nm

IN, A

Ri, Ω

Li, mH

Ln, mH

J, kgm2

1370

1700

14,8

2,8

1,8

2,06

8,3

26

0,025

Theoretical calculations of hierarchic control MEOPS are performed
Power converter (manageable rectifier) transfer function:

347

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu

H L (s ) 

KL
2, 27  U N
33,6


;
TL  s  1 0,01s  1 0,01s  1

(1)

Here power rectifier transfer coefficient KL=2,27(UN).
Transfer function of the anchor circuit of the direct current electric motor:
1

Ri
1 / Ri
0, 49
H anch (s ) 


;
Ti  s  1 ( Li  Ln / Ri )s  1 0,03s  1

(2)

here Ri is active resistance of anchor circuit, Ti is electromagnetic time constant of anchor circuit.
When meeting quantitative optimum criterion, transfer function of current regulator is:

R (T  s  1)
i

H RI ( s) 

i

2 K  k T  s
L

I

(0,03s  1)
21,74
 0,65 
;
0,046 s
s



L

(3)

Current contour feedback coefficient:

kI 

1

1
4 I

 0,14;

(4)

C   MN / IN
2,8 / 1,8
31


 ;
J  s
J  s
0,025  2  s
s

(5)

I



max

N

Transfer function of the mechanical part of the actuator:

H M (s ) 

When meeting quantitative optimum criterion, transfer function of speed regulator is:

k
H R (s ) 

J

I

C k





0,14  0,05
 2,016 ;
1,55  0,056  4  0,01



4 T

L



(6)

Speed contour feedback coefficient:

k 

10





max

10
 0,056;
n
/ 9,55
max

(7)

Position contour feedback coefficient:

k 

10


max



10
 1,59;
2

(8)

When meeting quantitative optimum criterion, transfer function of position regulator is:

k
H R ( s) 



8 T  k  k
L
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3. PRACTICAL PART
In accordance with calculation results, theoretical hierarchic control MEOPS structural scheme is
created on the grounds of quantitative optimum principle [2,3,4,9]. Model of positioning system in
Matlab Simulink environment is presented in Figure 2 (see Fig. 2).

Speed
0.65
Current P regulator
0.44
Control
signal

2.016

The posi tioner

T he speed control ler

21.74
s

33.6

0.49

31

0.01s+1

0.03s+1

s

1
s

T he power
converter

Anchor chain

Mec hani cal
parts

Reducer

Posi ti onier

Current I regul ator

Strain
Current feedback
0.14

Speed feedback
0.056

Posi ti on feedback
1.59

Fig. 2. System model in Matlab Simulink environment
When MR moves along a stepped structure in accordance with the preliminary designed algorithm and
sudden position change in MEOPS occurs: Figures 3 and 4 (see Fig. 3 and 4) illustrate the graphs of
the reaction of speed and shift angle to hopping control impact, when the height of the step is 6 cm.

Fig. 3. The graph of actuator speed reaction to hopping position change.
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Fig. 4. The graph of position reaction to hopping position change.
The quality of the dynamic process of the position may be evaluated by re-regulation:



stabilization  100 %  6,3  5,93  100%  6, 24% ;
  max

5,93
stabilization

(10)

The speed of position change may be assessed by the duration of achievement of the maximum – tmax
= 0.18 s
When MR moves along a stepped structure in accordance with the preliminary designed algorithm and
sudden position change in MEOPS occurs: Figures 5 and 6 (see Fig. 5 and 6) illustrate the graphs of
the reaction of speed and shift angle to hopping control impact, when the height of the step is 12 cm.

Fig. 5. The graph of actuator speed reaction to hopping position change.
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Fig. 6. The graph of position reaction to hopping position change.
The quality of the dynamic process of the position may be evaluated by re-regulation:




max



stabilization 100 %  12,85  12,22 100 %  5,16% ;

12,22
stabilization

(11)

The speed of position change may be assessed by the duration of achievement of the maximum– tmax
= 0.2 s
When MR moves along a stepped structure in accordance with the preliminary designed algorithm and
sudden position change in MEOPS occurs: Figures 7 and 8 (see Fig. 7 and 8) illustrate the graphs of
the reaction of speed and shift angle to hopping control impact, when the height of the step is 22 cm.

Fig. 7. The graph of actuator speed reaction to hopping position change.
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Fig. 8. The graph of position reaction to hopping position change.
The quality of the dynamic process of the position may be evaluated by re-regulation:



max



stabilization 100 %  19,28  18,51 100%  4,16% ;

18,51
stabilization



(12)

The speed of position change may be assessed by the duration of achievement of the maximum – tmax
= 0.23 s.
4. CONCLUSION
With reference to the results of the conducted study, it is possible to claim that there is a direct
dependence between the change of MR’s position and re-regulation of the positioning angle of its
MEOPS and step height. The higher the step, the broader is the re-regulation angle, if step height is 6 24 cm, then re-regulation angle varies from 5.93 to 18.51 degrees. MR’s MEOPS actuator operation
speed depends directly on the step height, in this case it was established that actuator speed varies
from 70 to 175 rad/s. The broader the angle, the higher speed it must develop in order for MEOPS
reaction to be adequate to MR position change. The re-regulation quality of dynamic process
occurring due to sudden MR’s position change, as we may see from calculations, decreases from
6,24% to 4,16% as the height of the step increases. The speed of position change assessed according to
the duration of achievement of the maximum increases from 0.18 s to 0.23 s, as the height of the step
and re-regulation angle increase.
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FILTRATION IN ANTHROPOGENICALLY MODIFIED
NEAR WELL-BORE ZONES AND WELL PRODUCTIVITY
Zaitsev Mikhail
Oil and Gas Research Institute

Abstract
The models taking into account the influence of the structure of the borehole vicinity areas on the
productivity of wells are suggested. There were considered the influence of such factors as near-well
bore zone invasion, filtration deformation of matrix solid material, jamming of fluids in pores and
thermal expansion of rocks. There were obtained formulas which allow to analyze both combined and
separate influences of these factors on well productivity, and the necessity for such modeling in the
process design was shown.
Key words: near wellbore zone, phase permeability, well production, filtration, thermal methods,
fluid’s jamming.

1.SIMULATIONS OF THE PERMEABILITY CHANGE IN NEAR WELLBORE ZONE
There occur technological changes of natural formation properties during construction and
exploitation of wells, and a system of near well bore zones with special condition of filtration is
formed. [7] Near well bore zones cause changes of filtration laws, considerable losses of formation
energy and decrease in well productivity with respect to the natural state of formation – without near
well bore zone changes. A wide set of methods and technologies to impact on the borehole area were
developed. But these technologies don’t take into account non-linear filtration caused by radial
changes of permeability in near well bore zone, by permeability of the target fluid dependence on
filtrational compaction and anthropogenically modified near well bore zones. Non-linear filtration and
complex mechanism of formation damage and near well bore zone state changes in different
geological and technological conditions, cause low technological efficiency of existing enhanced oil
recovery technologies.
In spite of a large number of near well bore zone changes mechanisms there is a certain generality of
it. Blocking of pores by different solid particles is basic formation damage mechanism [7]. Here we
may combine factors such as anthropogenic changes of the natural microstructure by particles of
technological fluids, sedimentation of gums and pyrobitumens in pores, dispersion of clayey minerals
by low-mineralized solutions, blockage of pores by bacteria, chemical reactions etc. These factors lead
to the formation of near well bore zones at the stages of construction and development of wells, and
determine the patterns of filtration during the operation of wells.
In addition, there is another group of factors playing a role. They are related to filtrational deformation
of the matrix solid material under the action of the depression and temperature variations as a result of
the thermal methods application. These factors determine thermobaric stresses and may cause changes
in permeability of the near well bore zone (for example, Zybza deposit development [2]). Thereby,
change of the near well bore zone permeability is a complex, multiphase process.
Permeability of the target fluid in near well bore zone is determined by a the structure of pore space,
saturation of the pore space by stationary (residual) phase, relation between target and following fluid,
type of wettability and some other factors. There occur changes of all factors listed above during
construction of wells and well testing, and at the stage of well operation new technogenic target
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permeability is formed in near well bore zone. In the case of single-phase filtration permeability of the
target fluid is determined by microstructure changes and stationary saturation in near well bore zone.
Traditionally, permeability changes in near well bore zone under action of first group of factors
(formation damage), was simulated by a step function. Permeability in near well bore zone was
considered constant and different from other parts of formation. But many researches show that
permeability changes caused by formation damage may have many types considerably different from a
step function [7]. To receive solutions that can be applied in any cases we will simulate formation
damage influence by general function of coordinates A(x,y,z), in radiate case it will be function A(r).
Thereby, formation damage influence on permeability will be stated by the following formula [11]

k (r )  A(r ), rc  r  rfd

k0
1, rfd  r  rk

,

(1)

k0 – target permeability of formation without formation damage, rc and rk – well radius and external
boundary of formation radius, А(r) - non-dimentional function of radius which describes permeability
change, rfd – radius of formation damage zone, which describes distance at which natural permeability
of formation and permeability of near well-bore zone are equal.
1.1 Influence of filtrational deformation of the matrix solid material on the permeability.
Filtrational deformation of the matrix solid material σij is determined by two factors: existing rock
pressure and deformation caused by changes of current pressure [9], so

k  k0 f * ( ij , p )

(2)

Stressed state of the near well bore area is formed under action of rock pressure as a result of the
stresses concentration in well vicinity. It causes changes of stresses in radial direction. Modified
stressed state is formed in the stage of construction, completion and well testing. During well
operation effect of the stressed state in well vicinity is revealed by inherited from previous stages
stress distribution subject to coordinates (or radius in radient case). So in the case of exploitation of
wells with stationary depression, function f* may be split into two function, first depending on radius
only and second depending on pressure only, and formula (2) then transforms to

k  k0 f * ( ij (r ), p)

(3)

Now we will consider permeability changing under depression. For taking into account pressure
influence on the permeability, different laws of permeability dependence on pressure drop are
employed, for example exponentional or power laws [3]. Special researches show, that for different
types of formation, permeability-pressure dependence may be of various types and even
nonmonotonic [5],[8].
In general case there will be considered permeability dependence on pressure drop simulated by a
function f(p)

k / k 0  f ( p)

(4)

Subject to (3) and (4), relation (2) may be rewritten as

k  k 0 f  ( r ) f ( p) ,
fσ(r) – function independent of current pressure.
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1.2 Temperature influence.
Permeability dependence on temperature, according to [1], may be denominated as

 (3  m)

k *  k (T0 ) exp 
 (T  T0 ) 
m



(6)

m – average porosity, β – const.
And a temperature may depend on coordinates, in radiate case T=T(r).
So, with formulas (1), (2), (6), expression for filtration phase permeability can be derived, which takes
into account formation damage expressed by formula

k  k * [T (r )] f ( r ) f ( p ) A( r )

(7)

Thus, radiate function in addition to formation damage will include permeability changing as a result
of difference in thermal expansion efficiencies of constituent stratum minerals and stress changing in
near well bore zone.

 3 m

A*  A(r ) f (r ) exp 
 (T ( r )  T0 ) 
m



(8)

Accordingly, plugging it into (7), we get

k  k0 f ( p) A* (r )

(9)

Expression (9) is correct when conditioning processes of formation damage , deformation and heat
exchange already happened at the stage of well construction and processes of permeability changing
caused by pressure change is controlled by the current operation conditions of well (depression,
repression, viscosity of target fluid and others).
1.3 Fluid’s jamming influence.
As was noted in p.2 one more factor which may cause permeability change is blocking of pores by
stationary fluids.
In natural conditions quantitative characteristics of the immovable phases (water, oil) are controlled by
physicochemical processes running in geological time (hundreds of thousands years). These values got
stabilized and values of residual (relict) immovable saturations are related only to geological features
of collectors. During construction of wells and while execution of geological and technological
activities there occur processes of oil displacement by filtrates of process liquids and processes of
filtrates displacement by oil. Filtration processes cause formation of immovable phases which were
absent in natural conditions.
Generalization of experimental investigations allows us to determine regimes of filtration and
formation of jammed phases [10]. The first (capillary regime) is characterized by a constant value of
residual saturation at low values of capillary number. When the capillary number reaches its critical
values Nc1, hydrodynamic pressure on the large globules becomes greater than the capillary forces and
they begin to break up, with the part of small globules becoming mobile. And residual oil saturation
decreases (capillary-pressure regime). Upon reaching the critical number Nc2, all capillary jammed oil
is washed out of the pores (automodel regime). In the wide range of permeability (from 40,8 to 2180
mD), value of the first critical number Nc1 is 2.7∙10-5 - 4.9∙10-5 [4]. Depending on the filtration regime,
residual oil saturation sor is given by [6]:
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max
Nc  Nc 1
 sor ,


sor  1  swr  СNc , N c1  Nc  Nc 2
 s min ,
Nc  N c 2
 or

(10)

Where C is a coefficient determined by the reservoir properties,  is a coefficient determined by the
structure of the pore space, swr is the coefficient of residual water saturation (with jamming oil phase).
Generalizing this idea to the case of washed stratum, for water phase permeability we obtain

k f  k (r , p) f w (s ( N c )) ,

f w ( s)  D(s  swr )

(11)

where k(r,p) is permeability change, which takes into account the factors of formation damage,
deformation and thermal expansion (6), s – water saturation of washed zone, s=1-sor, fw(s) – function
of the relative phase permeability for flood water near well, D and β are constants.
The expression for the water saturation in fully flushed zone s, dependent on the Nc, may be obtained
from (11), taking into account that s=1-sor . Dependences k(r,p) in the relationship (9) are obtained
from experiments on single-phase filtration, and dependences of (11) type are obtained from the
experiments of the displacement of one phase by another one, not mixed with first phase.
Thus the dependence of the relative water phase permeability on the capillary number can be written
as

 f 2 , Nc  Nc2


f w ( Nc ) = BN c , Nc1  Nc  Nc 2
 f , Nc  Nc
1
 1

,

(12)

where Nc1 and Nc2 - boundary values of the capillary number, which characterize the regime of
jammed oil formation, f1 and f2 - values of the relative phase permeability in automodel and capillary
regimes of jammed oil formation, B=AC,=.
Boundary values of the capillary number are reached at some fixed distance from the wellbore wall,
and form different zones. Let us denote the size of zones by r1 and r2, i.e. r=r1 at Nc=Nc1 and r=r2 at
Nc=Nc2. Using conventional expression for the capillary number Nc=kf p/(L), where kf – phase
permeability for water, p- pressure drop across the sample length L,  - interfacial tension at the
boundary water-oil and expressing speed as a function of pressure gradient, we obtain the dependence
of permeability on radius in the following form:

 f 2 , r  D1
 k

f dp 
) ,    , B  CD, r  D2
f w (r ) =  B(

dr

 f1 , r  D3

D1  rc  r  r2 , D2  r2  r  r1 , D3  r1  r  rk 
Schematically this dependence is shown on the Fig 1
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Fig. 1 Regimes of filtration and formation of jammed phases.
D1 - automodel regime, D2 - capillary-pressure regime, D3- capillary regime.
2.DISTRIBUTION OF PRESSURE IN COMPLICATED NEAR WELL BORE ZONES
In general case, i.e. taking into account formation damage, filtrational deformation, thermal expansion,
and existence of the jammed phase, expression for filtration rate will look like

k f (r , p , gradp ) dp

dr

 ( r , p , gradp ) 

(14)

From the continuity equation div=0 with expression for the rate of filtration, we obtain the system to
solve the problem.
For the capillary-pressure regime of displacement (NC1<NC<NC2), zone 2, the following equation is
correct:

d
dp
[r ( A* (r ) f ( p) )1/(1 ) ]  0
dr
dr

(15)

In that part of reservoir, where capillary (NC<NC1, zone 3) and automodel (NC2<NC, zone 1) regimes
operate, we obtain next expression after canceling constants

d
dp
(rA* (r ) f ( p ) )  0
dr
dr

(16)

Let’s define the following conditions on the well and circuit:

p r r  p c ,
c

p r r  p k

(17)

k

In addition we must define conditions on the zone’s boundaries, which indicate a regime change (the
capillary number reaches its critical value):

Nc 

k f ( p, r ) dp

dr
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r  ri

 Nci



dp
dr

r  ri



Nc2
.
k f ( p, r )
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Thus, we have a system to solve problem (15)-(16) with boundary conditions (17), which determines
the distribution of pressure in reservoir. It’s convenient to use the following integral function to solve
it:
r

*

p
dr
,
( p)   f ( p)dp
r (1 ) A* (r )
r2
p

 (r )  

(19)

c

In general case it is impossible to obtain an analytic solution of this system. The pressure distribution
for different states of near well bore zone was obtained for special cases. (Fig. 2) [10]

Fig.2 radial distribution of pressure. p* = (p-pc)/(pk-pc); f(p) = 1 (curves 1-4), γ = 0, A*(r) = 1 (1,5),
A*(r)  1 (2); γ  0, A*(r) = 1 (3), γ  0, A*(r)  1 (4); A*(r) = 1 (curves 5-8) , γ = 0, f(p)  1 (6); γ 
0, f(p) = 1 (7); γ  0, f(p)  1 (8).
As one can see from the graph, subject to condition of near well bore zone and the factors influencing
its permeability, pressure distribution and hence pressure gradient near the well may vary
significantly, what consequently affects the productivity of wells.

3.NEAR WELL BORE ZONE INFLUENCE ON WELL PRODUCTIVITY IN SPECIAL
CASES..
Expression for well productivity which takes into account permeability change in near well bore zone
caused by factors was described above, will look [11]

k * (Tc ) ( pc , pk )
Q  2h
 (Tc )  * ( rc , rk )

(20)

Where functions Φ and Ψ* determined by expressions (19).
These solutions allow analysis of the influence of permeability change factors in the near well bore
zone on the well productivity. Now we will consider separately the influence of each of them.
Permeability change along the radius is determined by two factors: formation damage function A(r),
deformation function fσ (r) and temperature change of permeability in the form (6). To research the
influence of the parameters that determine the function A*(r) (radius of formation damage and the
359

Publishing by Info Invest, Bulgaria, www.sciencebg.net

Journal of International Scientific Publications:
Materials, Methods & Technologies, Volume 5, Part 2
ISSN 1313-2539, Published at: http://www.science-journals.eu
value of this function on the well A*(rc)) on productivity, we will consider the ratio of flow rates of
contaminated and clean reservoirs. Excluding the impact of filtration deformation and temperature,
and taking into account formulas (20), it becomes

Q / Q0 

ln(rk / rc )
 (rc , rfd ) ,

(21)

where
r

dr
rA(r )
rс

( rc , r )  

Thus, the effect of formation damage on the productivity depends on the type of the function A(r)
(integral function Ψ depends on it) and the radius of formation damage rfd.
On the Fig. 3 you can see graphs showing dependence of the value Q/Q0 on the radius of the perturbed
zone for various formation damage functions A(r).

Fig.3.Relational productivity dependence on type of A(r) function. 1 – A-step function; 2 – Аdepends on r2; 3 – А-linear function; 4 – А depends on

r

One can see that even with a small radius of the perturbed zone, the productivity for the different
dependences may vary significantly. This shows the necessity of more detailed study of the impact of
formation damage on the permeability in the near wellbore zones.
3.1 Temperature.
Now we will consider the change of production with respect to its initial value (at T = T0):

k * (T )  (T0 ) ln( rk / rc )
Q / Q0  *
k (T0 )  (T )  * (rc , rk )

(22)

To heat the reservoir efficiently we need to increase production as temperature increases, i.e. Q/Q 0>1,
so we have
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k * (T )  (T )  * (rc , rk )

,
k * (T0 )  (T0 ) ln(rk / rc )

(23)

and with (6), we obtain

 (3  m)
  (T )  * ( rc , rk )
exp 
 (T  T0 ) 
m

  (T0 ) ln( rk / rc )
Thus, despite the reduction in oil viscosity, in the case of failure of this relation, heating of the
reservoir may be ineffective due to changes in permeability caused by thermal expansion of rocks.
This effect is illustrated by Fig.4 with graph of the Q/Q0 dependence on temperature.

Fig 4 Production depends on temperature change.

The maximum point, i.e. the maximum temperature for reservoir heating to be effective, is determined
by the condition on the function Q(T) to have zero derivative:
dQ/dT = 0
3.2 Filtrational compaction.
Next considered factor of permeability change is filtration compaction. We assume, for convenience,
the absence of other factors of permeability change in near well bore zone. Then the expression (20)
can be rewritten as

Q  2h

k0  ( pc , p k )
r

ln k
rc

(24)

In contrast to the incompressible layer, in this case the curves of the production dependence on
pressure drop are not linear. This can be seen on the Fig.5 that shows the indicator diagrams for
different types of the permeability dependence on pressure.
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Fig 5 Production depends on near wellbore zone conditions 1. incompressible layer; 2.
k/k0=(1+BLn(p/pk )); 3. k/k0=(p/pk )a; 4. k/k0=exp(-(pk-p).
To analyze the influence of a filtration compaction on productivity it is appropriate to take the ratio of
Q to Q0, where Q0 is production of the well for incompressible layer. Then, after the reductions, from
(20) we have

Q ( p , p )

Q
p p
c

0

k

k

(25)

c

where the function Φ is defined by (9).
Curves of production dependence on pressure drop with respect to production without consideration of
the effects of compressibility, are presented in Fig.6.

Fig.6. 1. k/k0=exp(-(pk-p)); 2. k/k0=(p/pk)a; 3.k/k0=(1+BLn(p/pk ))
It is shown that for different types of relationships (1-3) the loss of production due to the loss of
permeability, caused by filtration skeletal deformations of rocks, may vary several times, what shows
the necessity for careful consideration of this effect in technological calculations.
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4.OIL JAMMING
Now we will consider the case of oil displacement by water pumped into injection wells. After
washing the near well bore part of the reservoir, pressure is stabilized and the expression for the
injection wells becomes

Q [

2rc hk f (r , p, gradp ) dp



dr

] rr

c

(26)

Pressure distribution and hence its gradient at the well, will then be determined from the system (2.22.5). In general case it is impossible to obtain an analytic solution of this system. Construction of
numerical solutions makes it possible to analyze the influence of the jammed phase on the intake
capacity of wells [10].
Constructed curves of intake capacity dependence on repression for different states of the near well
bore zone are presented on Fig. 7.

Fig. 7 intake capacity dependence on repression for incompressible layer.
A(r)  1; value of the parameter γ (formula 2.13): 0.4; 0.5; 0.6 (curves 1-3); A(r)  1, γ = 0.6 (curve 4).
Dependence of the intake capacity on the pressure is nonlinear and this nonlinearity increases with
increase of the coefficient γ (Fig. 6). At the same time as pressure drop increases, this dependence
asymptotically approaches the linear one.
Comparison of the curves 3 and 4 shows that the difference between the values of Q/Q 0 for clean and
damaged reservoir does not exceed 10%. Therefore, the influence of fluids jamming and formation
damage on the productivity of wells can be considered separately. Thus, the general problem of joint
allowance of formation damage and jamming is divided into two special cases, making it easier to find
the solution.
To analyze the influence of the filtrational compaction on the intake capacity in the case of wetting
phase jamming, we’ll compare intake capacity with the dependence of permeability on the pressure in
the exponential form k=k0exp(-ap(pk-p)) for different coefficients ap, including when ap = 0
(incompressible layer).
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Let us consider the dimensionless quantity Q/Q 0, where Q0 is well productivity in the case of
incompressible layer without the presence of jammed phase:

Q /Q  f
0

 ( p , p ) ln( r / r )
p  p ln( r / r )
c

2

k

2

c

k

c

2

c

(27)

Fig 8. Intake capacity dependence on the pressure drop for compressible layer.
k=k0exp(-ap(pk-p)), ap = 0; 0.02; 0.05 (curves 1-3); γ=0.5.
For a sufficiently large pressure drop, even for small values of ap, compressibility leads to a change of
intake capacity by several times.
4.1 Filtrate jamming in near well bore zone of production wells.
Now we will consider the case, where in the process of formation exposing or well killing there occurs
either jacking of process fluid in near well bore zone or injection of filtrate into this zone.
Let us denote the size of the zone of filtrate jamming by rp, and suppose that only automodel and
capillary-pressure modes can be achieved. Then, using the proposed model of the residual saturation
(in this case it would be a residual saturation of filtrate) dependence on the capillary number, we
obtain

 f1 , r  r1


BN
, r1  r  rp

c
=
f or (r )

 f 2 , r  rp

,

(28)

Where for(r) is relative permeability of oil in the presence of jammed filtrate (see Section 2), B and α
are constants, rp is the size of the zone of penetration of filtrate. Graphically, this is illustrated in the
figure 9.
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Fig.9 Filtration zones in the case of filtrate jamming in near well bore zone.

The system of equations for solving the problem is similar to the case of oil displacement by water,
with the only difference being that in this case the size of the zone of penetration of filtrate is known
and the condition that the capillary number reaches the first critical number is not necessary.
The production will be calculated by the formula (26), and in this case it is converted to the form

Q0 

2hk0 pk  pc
,
 (rc , rk )

(29)

before processing of the zone and

Q

2hk0
p  pc
f1 1
,

 (rc , r1 )

(30)

after processing, with jammed filtrate in the zone (r 1;rp).
Unknown value of radius of the automodel regime (r 1) is calculated from the boundary conditions and
equality of the capillary number to second the critical number at this point (equations similar (17)-(18)
for the respective zones of the present case).
Below are shown the graphs of the ratio of productions for contaminated and uncontaminated
formation versus pressure drop after processing the near well bore zone.
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Fig.10 Change of the production as a result of jamming in various states of the near well bore zone.
(Q0-production till kill (or processing))
Values of the radius of the zone of penetration 1,1’: rp/rc=20; 2,2’: rp/rc=40; 3,3’: rp/rc=60.
The influence of formation damage on the production in the case of a jammed filtrate or process fluid
is smaller than that in the case of single-phase filtration.

CONCLUSIONS
1. We developed a set of hydrodynamic models of the influence of changes in near well bore
zones on the productivity of wells, allowing to explicitly take into account the following:
complex mechanism of formation damage, change of the permeability of the near well bore
zones caused by capillary jamming of wetting and nonwetting phases.
2. The contribution of different mechanisms of changes in the natural filtration properties of the
reservoir to the change in productivity of wells in the complicated near well bore zones is
studied.
3. It is shown that the neglect of the real structure of the near well bore zones can lead to errors
in determining of the productivity by several times.
4. Non-linear character of intake capacity dependence on the pressure drop is justified.
5. It is shown that the killing of a well while processing of near well bore zone can lead to
productivity decrease due to filtrate jammed in the pores.
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LIQUID FUEL OBTAIN FROM POLYPROPYLENE (PP-5) AND HIGH DENSITY
POLYETHYLENE (HDPE-2) WASTE PLASTICS MIXTURE
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Department of Research and Development, Natural State Research Inc, 37 Brown House Road (2nd
Floor), Stamford, CT-06902, USA, Phone: (203) 406-0675, Fax: (203) 406-9852
*E-mail: msarker@naturalstateresearch.com

Abstract
Plastics are made by combination of small based molecules to form monomers. The monomers are
then joined together by chemical polymerization mechanism to form polymers also known as plastics.
These plastics contain various elements such as carbon, hydrogen, oxygen, nitrogen, chlorine and
sulfur. The use of plastics is vastly expanded and it is being used in every sector of the world.
However, using plastics does have a negative aspect, after use they end up in our landfill as waste
causing numerous health and environmental problems. Landfill waste plastics release harmful gases
due to the presence of carbon, chlorine and sulfur in them into the atmosphere causing climates to
change drastically, equivalent to the effects of greenhouse gases (GHG) emission. To overcome these
environmental issues, scientists have already developed many methods to converting these waste
plastics into energy and fuel. We developed one new methods thermal cracking conversion to convert
these waste plastics into usable liquid fuel. Thermal cracking conversion is a process to shorten the
long chain hydrocarbons to produce liquid fuel in the absence of a catalyst. The thermal degradation
process of the waste plastics long chain hydrocarbon to makes short chain hydrocarbon fuel. The fuel
produced has been analyzed and tested according to standard methods.
Key words: fuel, hydrocarbon, waste plastic, thermal degradation, conversion, GC/MS

1. INTRODUCTION
Various techniques for the treatment of waste polymers have been investigated to complement existing
landfill and mechanical recycling technologies. Ideally, it would be desirable to convert the waste into
a value-added product. In the case of polyethylene waste, a particularly interesting potential product
would be synthetic lubricants. Poly (cY-olefin)-based synthetic lubricants exhibit superior tribological
properties over conventional mineral oil formulations. Furthermore, they are reported to be less
damaging to the environment, because they do not contain aromatic compounds. In contrast,
conventional lubricants have some aromatic compounds which can be released into the environment
when the lubricant is utilized in a two-stroke engine. The most suitable decomposition products from
polyethylene for the production of poly (cY-olefin)-based synthetic lubricants are compounds close to
1-decene in both chain length and molecular structure [1]. The huge amount of waste plastics that
resulted from the dramatic increase in polymer production gives rise to serious environmental
concerns, as plastic does not degrade and remains in municipal refuse tips for decades. Plastic waste
being more voluminous than the organic waste takes up a lot of landfill space that is becoming scarce
and expensive. Incineration is not an acceptable solution to the problem, as toxic gases are produced
and a solid waste problem becomes air pollution. The only sustainable solution is polymer recycling.
Between various polymer recycling methods, thermal and/or catalytic degradation of plastic waste to
fuel show the highest potential for a successful future commercial process, especially as plastic waste
can be considered as a cheap source of raw materials in times of accelerated depletion of natural
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resources. Thermal degradation of plastic waste offers considerable advantages as compared to pure
catalytic degradation, as the latter demands relatively high temperatures and its products require
further processing for their quality to be upgraded. Catalytic degradation occurs at considerably lower
temperatures and forms hydrocarbons in the range of motor engine fuel [2–6], eliminating the
necessity of further processing. In such a recycling process, the most valuable product is obviously
liquid fuel. Although gaseous products are useful too, as their burning can contribute to the energy
demand of an endothermic polymer cracking process, excess gas production is not desirable. Gaseous
products are considered of low value because of their transportation costs. Consequently, the target of
a commercially viable recycling process should be an increase of the liquid product yield. HDPE
(High Density Polyethylene) and PP-5 (Polypropylene) waste plastics conversion into liquid
hydrocarbon fuel has been attracting great attention as a key technology to solve environmental
protection problems. It has been reported that thermal cracking produce liquid product from waste
plastics. The growing amount of plastic waste mostly high density polyethylene and polypropylene is
generating more and more environmental problems worldwide. The present rate of economic growth is
unimaginable without saving of fossil energy like crude oil, natural gas or coal. Suitable waste
management is another important aspect of sustainable development. Plastic wastes represent a
considerable part of municipal wastes; furthermore huge amounts of plastic waste arise as a byproduct or faulty product in industry and agriculture. According to estimates, plastic wastes represent
15-25% of municipal waste. The amount of plastic materials was 25 Mt in Europe and it will reach 35
Mt by 2010 [7, 8]. Nowadays there are three ways to utilize plastic waste: land filling, incineration
with or without energy recovery and recycling. The largest amount of plastic wastes is disposed of by
land filling (65-70%), and incineration (20-25%). Recycling is only about 10%. Moreover, the
problem of wastes cannot be solved by land filling and incineration, because suitable and safe depots
are expensive, and incineration stimulates the growing emission of harmful, greenhouse gases, e.g.
NOx, SOx, COx, etc. Recycling can be divided into further important categories, such as mechanical
recycling and chemical recycling. Chemical recycling is virtually a thermal method by which the long
alkyl chains of polymers are broken into a mixture of lighter hydrocarbons. This is one of the
prospective ways to utilize waste polymers [9-15].
2. EXPERIMENTAL PROCESS DESCRIPTION
High density polyethylene and polypropylene waste plastic collected from Stamford city grocery store.
High density polyethylene shopping bag and polypropylene food container we collect and shopping
bag color is light yellow and food container is black color. After collection waste plastic we washed
with water and soap for remove dust particle and food contamination. After washed plastic we dry
room air and cut into small piece for reactor inside fit. Before put into reactor inside per analysis by
GC/MS, FT-IR, EA-2400 and TGA for compound quality, functional group, elemental percentage and
melting temperature. We put both mixed plastic into reactor and reactor cover is tighten properly.
Stainless steel reactor used for experimental purposed. Sample used 1000 gm. Condenser setup with
reactor and reactor temperature can go up to 500 ºC. Reactor has 3 electrical coils to raise the heat. We
used watlow temperature monitoring system for heat increasing and heat decreasing. For experimental
purpose we used heat range at 150-400 ºC. We start heat from 150 ºC and heat increase slowly every
15 minutes later increase 15ºC wise. When heat apply at 150 ºC plastic start to melt slowly and when
we are increasing our desire temperature plastic turn to liquid form. Melt to liquid formation period we
saw some gases are coming inside the condenser unit and turn into liquid fuel. Applying heat
increasing for liquid slurry for vapor formation and continues process for until finish process because
plastic has long chain hydrocarbon compound. Due to temperature increasing long chain hydrocarbon
compound are breaking down into shorter chain hydrocarbon compound. In this thermal degradation
process we apply only heat and we did not use any extra chemical. During thermal degradation
process we found all vapor are not condensing because some gas has negative boiling point. This type
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negative boiling point compound mixtures call natural gas (C1-C4). This type gas is cleaned by alkali
wash. Melted waste plastic vapor travel through standard condenser unit and when vapor pass through
condenser unit inside condenser inside surface and vapor interaction it’s become liquid form. This
liquid is call plastic fuel. This fuel conversion rate is almost 92 % excluding light gas fraction. Black
color residue or coal appeared 4 % after finished production. Light gases are produced during
production period start to end time 4%. Fuel filtered by using purification system as centrifugal
system. Whole process finished under Labconco fume hood and open air system.

Fig.1: HDPE and PP waste plastics mixture to fuel production process
High density polyethylene and polypropylene waste plastic collected from Stamford city grocery store.
High density polyethylene shopping bag and polypropylene food container we collect and shopping
bag color is light yellow and food container is black color. After collection waste plastic we washed
with water and soap for remove dust particle and food contamination. After washed plastic we dry
room air and cut into small piece for reactor inside fit. Before put into reactor inside per analysis by
GC/MS, FT-IR, EA-2400 and TGA for compound quality, functional group, elemental percentage and
melting temperature. We put both mixed plastic into reactor and reactor cover is tighten properly.
Stainless steel reactor used for experimental purposed. Sample used 1000 gm. Condenser setup with
reactor and reactor temperature can go up to 500 ºC. Reactor has 3 electrical coils to raise the heat. We
used watlow temperature monitoring system for heat increasing and heat decreasing. For experimental
purpose we used heat range at 150-400 ºC. We start heat from 150 ºC and heat increase slowly every
15 minutes later increase 15ºC wise. When heat apply at 150 ºC plastic start to melt slowly and when
we are increasing our desire temperature plastic turn to liquid form. Melt to liquid formation period we
saw some gases are coming inside the condenser unit and turn into liquid fuel. Applying heat
increasing for liquid slurry for vapor formation and continues process for until finish process because
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plastic has long chain hydrocarbon compound. Due to temperature increasing long chain hydrocarbon
compound are breaking down into shorter chain hydrocarbon compound. In this thermal degradation
process we apply only heat and we did not use any extra chemical. During thermal degradation
process we found all vapor are not condensing because some gas has negative boiling point. This type
negative boiling point compound mixtures call natural gas (C1-C4). This type gas is cleaned by alkali
wash. Melted waste plastic vapor travel through standard condenser unit and when vapor pass through
condenser unit inside condenser inside surface and vapor interaction it’s become liquid form. This
liquid is call plastic fuel. This fuel conversion rate is almost 92 % excluding light gas fraction. Black
color residue or coal appeared 4 % after finished production. Light gases are produced during
production period start to end time 4%. Fuel filtered by using purification system as centrifugal
system. Whole process finished under Labconco fume hood and open air system.
3. RESULTS AND DISCUSSION

Fig. 2: DSC graph of HDPE and PP mixture plastic fuel
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Fig. 3: DSC graph of produced fuel
Produced fuel analysis purposed we used differential scanning calorimeter (DSC Perkin Elmer) fig.2
and fig.3 for boiling point and freezing point measurements. Helium gas is used for carrier at 20 ml
per minutes. Boiling point measurement program temperature setup 5 ºC to 400 ºC and temperature
ramping rate used 10 ºC per minutes. Sample holding purposed aluminum pan used. For freezing
point analysis temperature program setup 10 ºC to minus (-) 60 ºC and temperature decrees rate was
10 ºC per minute. After analysis sample for boiling point we found from fig.2 graph onset temperature
129.79 ºC, peak is 145.96 ºC, peak height 22.0995 mW and enthalpy delta H value is 4121.7180 J/g.
From freezing point analysis shown fig.3 sample start to freeze at -22.40 ºC, height peak showing at
temperature -37.89 ºC, peak height 5.6320 mW and negative enthalpy delta H value is negative ( -)
950.9385 J/g.
For FT-IR analysis purpose we used Perkin Elmer Spectrum 100 with NaCl Cell. NaCl cell thickness
is 0.05 mm, sample scan range 4000-450 cm-1, scan number 32, resolution is 4 cm-1. From FT-IR
spectrum 100 Analysis of polypropylene (PP-5) and high density polyethylene (HDPE-2) mixed
plastic to produced fuel in accordance with wave number several types of functional groups are
appeared (Fig.4 and table 1) such as wave number 3075.87 cm-1, functional group is H bonded NH,
wave number 2896.75 cm-1, 2729.26 cm-1 and 2670.48 cm-1 compound is C-CH3 and ultimately wave
number 1821.80 cm-1 , 1781.40 cm-1 and 1710.84 cm-1 compound is Non-Conjugated respectively.
Energy, E=hυ, where h=plank constant, υ=frequency number, Energy value are calculated such as
functional group H bonded NH, energy value is 6.10x10-20,functional group C-CH3 energy value is
5.75x10-20 J and Non-Conjugated group energy value is 3.61x10-20 J as well.
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Fig. 4: FT-IR spectra of Produced fuel
Table 1: FT-IR spectrum produced fuel functional group
Number of
Wave

Wave Number
(cm-1)

Functional
Group Name

Number of
Wave

Wave
Number (cm1
)

Functional Group
Name

1

3075.87

H bonded NH

10

1649.95

Conjugated

2

2896.75

C-CH3

17

992.21

-CH=CH2

3

2729.26

C-CH3

18

964.77

-CH=CH-(trans)

4

2670.48

C-CH3

19

884.19

C=CH2

7

1821.80

Non-Conjugated

21

722.57

-CH=CH- (cis)

8

1781.40

Non-Conjugated

22

674.72

-CH=CH- (cis)

9

1710.84

Non-Conjugated
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Fig. 5: GC/MS chromatogram of produced fuel
Table 2: GC/MS chromatogram compound list of produced fuel
Peak
Number

Retention
Time (M)

Trace
Mass

1

1.53

2

Molecular
Weight

CAS
Number

Compound Name

Formula

41

Propene

C3H6

42

115-07-1

50

1.63

41

1-Propene, 2-methyl-

C4H8

56

115-11-7

61293

3

1.91

42

Cyclopropane, ethyl-

C5H10

70

1191-96-4

114410

4

1.95

42

Pentane

C5H12

72

109-66-0

229281

5

2.03

55

2-Pentene

C5H10

70

109-68-2

230822

6

2.36

43

Pentane, 2-methyl-

C6H14

86

107-83-5

61279

7

2.52

56

3-Hexene, (Z)-

C6H12

84

7642-09-3

114381

8

2.61

57

Hexane

C6H14

86

110-54-3

61280

9

2.68

41

2-Pentene, 4-methyl-,
(Z)-

C6H12

84

691-38-3

114454

10

2.94

56

Cyclopentane, methyl-

C6H12

84

96-37-7

114428

11

3.10

56

1-Pentene, 2,4dimethyl-

C7H14

98

2213-32-3

114435

12

3.20

81

2,4-Dimethyl 1,4pentadiene

C7H12

96

4161-65-3

114468

13

3.66

41

1-Heptene

C7H14

98

592-76-7

107734

14

3.78

43

Heptane

C7H16

100

142-82-5

61276
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15

3.82

81

1,3-Pentadiene, 2,4dimethyl-

C7H12

96

1000-86-8

114450

16

4.21

83

Cyclohexane, methyl-

C7H14

98

108-87-2

118503

17

4.65

41

2-Hexene, 3,5dimethyl-

C8H16

112

3404-79-3

149385

18

4.41

43

Heptane, 4-methyl-

C8H18

114

589-53-7

107267

19

5.11

56

1-Heptene, 2-methyl-

C8H16

112

15870-10-7

113675

20

5.20

41

1-Octene

C8H16

112

111-66-0

1604

21

5.35

43

Octane

C8H18

114

111-65-9

61242

22

5.61

83

2,2-Dimethyl-3heptene trans

C9H18

126

19550-75-5

113496

23

6.07

43

2,4-Dimethyl-1heptene

C9H18

126

19549-87-2

113516

24

6.41

69

Cyclohexane, 1,3,5trimethyl-, (1à,3à,5á)-

C9H18

126

1795-26-2

2480

25

6.92

43

1-Nonene

C9H18

126

124-11-8

107756

26

7.07

43

Nonane

C9H20

128

111-84-2

228006

27

7.29

82

3-Octyne, 2-methyl-

C9H16

124

55402-15-8

62452

28

8.12

57

Nonane, 4-methyl-

C10H22

142

17301-94-9

3834

29

8.53

56

2-Methyl-1-nonene

C10H20

140

2980-71-4

113561

30

8.64

41

1-Decene

C10H20

140

872-05-9

118883

31

8.79

43

Decane

C10H22

142

124-18-5

291484

32

8.91

43

Octane, 3,3-dimethyl-

C10H22

142

4110-44-5

61706

33

8.98

43

Nonane, 2,6-dimethyl-

C11H24

156

17302-28-2

61438

34

9.70

83

2-Undecanethiol, 2methyl-

C12H26S

202

10059-13-9

9094

35

10.06

43

Cyclooctane, 1,4dimethyl-, trans-

C10H20

140

13151-98-9

61408

36

10.13

43

Cyclooctane, 1,4dimethyl-, cis-

C10H20

140

13151-99-0

61409

37

10.29

41

Cyclopropane, 1heptyl-2-methyl-

C11H22

154

74663-91-5

62622

38

10.42

43

Undecane

C11H24

156

1120-21-4

114185

39

11.18

69

(2,4,6Trimethylcyclohexyl)
methanol

C10H20O

156

13702-56-2

113757
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40

11.74

56

3-Undecene, 10methyl-

C12H24

168

N/A

61845

41

11.84

41

1-Dodecene

C12H24

168

112-41-4

107688

42

11.97

57

Dodecane

C12H26

170

112-40-3

291499

43

12.44

43

Dodecane, 2,6,10trimethyl-

C15H32

212

3891-98-3

68892

44

13.31

41

1-Tridecene

C13H26

182

2437-56-1

107768

45

13.44

57

Tridecane

C13H28

184

629-50-5

107767

46

13.57

43

1-Nonene, 4,6,8trimethyl-

C12H24

168

54410-98-9

6413

47

14.42

55

1,19-Eicosadiene

C20H38

278

14811-95-1

158339

48

14.69

55

1-Tetradecene

C14H28

196

1120-36-1

69725

49

14.80

43

Tetradecane

C14H30

198

629-59-4

113925

50

15.53

43

Tetradecane, 2,6,10trimethyl-

C17H36

240

14905-56-7

11556

51

15.98

55

1-Pentadecene

C15H30

210

13360-61-7

69726

52

16.08

57

Pentadecane

C15H32

212

629-62-9

107761

53

16.65

43

1-Decanol, 2-hexyl-

C16H34O

242

2425-77-6

114709

54

17.22

55

1-Hexadecene

C16H32

224

629-73-2

69727

55

17.31

57

Hexadecane

C16H34

226

544-76-3

114191

56

18.38

55

E-14-Hexadecenal

C16H30O

238

330207-539

130980

57

18.47

57

Heptadecane

C17H36

240

629-78-7

107308

58

19.12

69

1-Nonadecanol

C19H40O

284

1454-84-8

232931

59

19.49

43

1-Nonadecene

C19H38

266

18435-45-5

113626

60

19.56

57

Octadecane

C18H38

254

593-45-3

57273

61

20.55

55

1-Nonadecene

C19H38

266

18435-45-5

113626

62

21.55

43

1-Docosene

C22H44

308

1599-67-3

113878

63

21.61

57

Eicosane

C20H42

282

112-95-8

290513

64

22.57

57

Heneicosane

C21H44

296

629-94-7

107569

65

25.23

57

Tetracosane

C24H50

338

646-31-1

248196

66

26.06

57

Octacosane

C28H58

394

630-02-4

134306

Perkin Elmer gas chromatography and mass spectrometer (GC/MS) used for waste plastic to produced
fuel analysis purpose. Carrier gas used Helium at 80 psi. Capillary column used for GC. Elite -5MS,
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30 meter length 0.25 mmID and 0.5 um df. Maximum program temperature capable 350 ºC and
minimum bleed at 330 ºC. GC program set up initial temperature 40 ºC and 40 ºC hold 1 minute for
volatile sample. Sample volatile temperature is 300 ºC. Height temperature setup for GC program
325 ºC and ramping rate used for height temperature 10 ºC per minutes. 15 minutes hold into height
temperature. Sample injects 0.5micro liter, split flow 101.0 ml/min. Mass program set for mass
detection Ion mode EI+, ms scan type, data format centroid, start mass scan 35 to end mass scan 528
and inter scan time 0.15 per second.
After sample run by GC/MS we found chromatogram fig.5 and compound list table2. According to
GC chromatogram analysis to mass carbon chain is shown from chromatogram C3 to C28. Initial
hydrocarbon compound Propene (C3H6) at retention time 1.53 minutes and molecular weight for this
compound 42. From this fuel we saw most of the hydrocarbon compounds are straight hydrocarbon
chain some compound are cyclic compound and we found some compound also alcoholic group.
Alcoholic group formed because we finished experiment open air system and due to moisture present
is formation alcoholic formation. High density polyethylene has straight carbon and hydrogen
compound and polypropylene has straight carbon and hydrogen with branch chain methyl group
compound. When we mixed 2 types of waste plastic for heating its combined break down due to heat
is form shorter hydrocarbon to long chain hydrocarbon compounds. We found alcoholic group
compound (2, 4, 6-Trimethylcyclohexyl) methanol C10H20O at retention time 11.18 and molecular
weight 156. Height compound appeared Octacosane (C28H58) at retention time 26.06 and molecular
weight is 394. This fuel has aliphatic compound like alkane and alkenes compound.
4. CONCLUSION
Plastic wastes of HDPE-2 & PP-5 converted into hydrocarbon fuel by thermal processes without any
catalysts. The products of thermal cracking are mainly paraffin’s, olefins as well as higher-boilingpoint hydrocarbon products (carbon number up to 28). The products of thermal cracking are composed
of more iso-alkanes, which are highly desirable fuel-range hydrocarbons. Reforming products have the
highest selectivity aliphatic, probably due to their combination of cracking and reforming activities. In
the best laboratory testing conditions, aliphatic production has been shown to reach as high percentage
wt. of the plastic sample at the initial stage of reaction using thermal process. Most of the tests on
thermal cracking so far were performed stainless steel reactors. The effects of different plastic
additives present in the commercial plastic products on the fuel quality may differ. The industrial
implementation of thermal technology on a wider scale depends strongly on economic, environmental
and political issues. Currently, due to the moderate oil prices, thermal technology is likely to be
economically viable. However, environmental considerations may hasten the industrial
implementation of thermal technology in the near future over the world.
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Abstract
Disposal of waste plastic is a serious concern in USA. Waste plastic generated from different cities
and towns is a part of municipal solid waste. It is a matter of concern that disposal of waste plastic is
causing many problems such as leaching impact on land and ground water, choking of drains, making
land infertile, indiscriminate burning causes environmental hazards etc. Waste plastics being nonbiodegradable it can remain as a long period of landfill. Over 48 million tons of synthetic polymer
material is produced in the United States every year. Plastic are made from limited resources such as
petroleum. When waste plastic come in contact with light and starts photo degrading, it starts
releasing harmful such as carbon, chlorine and sulfur causing the soil around them to decay,
contributing many complications for cultivation. Waste plastics also end up in the ocean, where it
becomes small particles due to the reaction caused by the sun ray and salt from the ocean. Million of
ocean habitants die from consuming these small plastic particles when they mistake them for food. To
solve this problem countries are resorting to dumping the waste plastics, which requires a lot of effort
and money yet they are only able to recycle a fraction of waste plastics. This developed a new
technology which will remove these waste plastics form landfill and ocean and convert them into
useful liquid fuels. The fuels show high potential for commercialization due to the fact, its influence to
the environment.
Keywords: waste plastics, fuel, energy, polystyrene, high density polyethylene, thermal,
environmental,
1. INTRODUCTION
Polymers are becoming a necessity in modern life in many Western countries. Their discovery and
subsequent utilization means that by the mid 1960s total world consumption of thermoplastics alone
was I3 million tonnes [1]. With an increasing number of applications being found for these materials,
today the demand for the main commodity thermoplastics is more than 70 million tonnes [1].
Although a significant amount of the thermoplastics are utilized in products with a long life span, the
majority are used in short term applications such as packaging. Thus, the quantity of thermoplastics
found in waste is increasing correspondingly. Plastic waste can originate from a multitude of sources.
The major areas of waste creation are from the distribution industries representing 21.7% of all plastic
waste [2] and municipal solid waste (MSW) which accounts for 60.4% [2]. Municipal solid waste is
being targeted as an issue for improvement. However, the nature of MSW is very complex, making its
treatment difficult. Other forms of waste are easier to handle, because of their uniformity and can be
treated as they are created by, for example. Feeding back into the production process. Currently 80%
of MSW goes to landfill, 10% is recycled and 105’0 is incinerated in the USA [3]. However, landfill is
becoming an increasingly expensive option. Not only are suitable sites less available close to the point
of waste generation. Leading to a rise in transportation costs, but costs of disposal are set to become
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even more inflated. A landfill tax of per tonne has been introduced by the UK Government which
becomes effective this year [4]. It is hoped that this will reduce the amount of waste going into landfill
and in conjunction with this aim; the Government in the UK has set targets for waste recovery. The
aim is to recycle 25% of all household waste by the year 2000 [5] and to reclaim for energy recovery
40% of waste by 2005 [4] Treatment of homogeneous materials available in large quantities such as
paper, glass and metal has been shown to be viable via materials recycling. These can also be
separated from MSW for material recycling. The plastic fraction of MSW found in Europe represents
approximately 7% by weight. In Germany 80% of all packaging waste, including plastics, must be
separated from other waste [1] and 6% is to be recycled as material. However, viable markets for
certain recycled plastics are only available at rates of 10-15% plastic recycling [6] due to its inferior
quality when compared to virgin polymers. So, if enough industrial and domestic waste is to be
utilized so as to meet new recycling targets then not only will contaminated and mixed plastics have to
be dealt with but also alternatives to landfill and materials recycling will have to be found.
Incineration currently handles approximately 10 % of waste produced in Europe [3] to give energy via
electricity generation. District heating or combined heat and power schemes. However, incineration
units emit dioxins, furans, acids gases and heavy metals which can cause damage to the environment
and to health. Limits of emissions have been set so as to reduce any hazardous compounds. However
this means new clean-up systems will have to be incorporated into many existing plants. Dramatically
increasing their operating costs. Thermolysis native process to incineration and materials recycling.
This approach of hydrocarbon processing has been investigated properly. Process presently interest
increased. If applications for the products formed are found, then perhaps it could potential route for
chemical or fuel production. To study this potential a mixture of plastics was thermolysis produce
gases, oils and chars which were collected and subsequently analyzed.
2. EXPERIMENTAL PROCESS
2.1. RAW SAMPLE COLLECTION
We collected waste high density polyethylene (HDPE) from donut delight store at located Stamford
city, CT and polystyrene (PS) waste plastic we collected from Norwalk city, CT wall mart store.
HDPE waste plastic was milk white color container and PS waste plastic was red color drinking glass.
After collection of waste plastic we were washing with liquid detergent and dry with room air. Waste
plastic cut into small piece for grinding and we used grinder machine for 2-3 mm size. 2-3 mm size
waste plastic we was put into reactor for fuel production purpose.
2.2. RAW SAMPLE PREPARATION
Grounded both types of waste plastic we analysis by using Gas Chromatography and Mass
Spectrometer (GC/MS), Elemental Analyzer (EA-2400), Thermogravimetric Analyzer (TGA Pyris-1)
and Fourier Transformed Inferred Spectroscopy (FT-IR spectrum 100). Raw sample analysis for
compound structure, carbon, hydrogen, nitrogen percentage, onset temperature and conversion
percentage, functional group and wave band energy measuring from both types of waste plastic.
GC/MS analysis purpose we used CDS Pyroprobe for hard waste plastic transferred into GC column
as a gaseous format.
2.3. PROCESS DESCRIPTION
Grounded waste plastic to fuel production process we applied thermal cracking process. In laboratory
scale process performed in presence of oxygen, room atmosphere and under Labconco fume hood. For
experimental purpose 300 gm of waste plastic sample used. Both waste plastic are same ratio from
total sample. Reactor temperature range used from room temperature to 430 ºC and standard
condenser unit setup with water circulator system for condensation purposed. Waste plastic to fuel
production process temperature is monitored by temperature monitor watlow system. Waste plastic
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heat start at room temperature and temperature raised up to 15 minute later at 10 ºC wise. When heat
apply with waste plastic starts to melt, melts to liquid slurry, liquid slurry to vapor at when
temperature are gradually increased. Vapor travel through condenser unit with water circulator system
condenser inside surface and vapor interaction at the end we are collecting liquid fuel. Water circulator
temperature we used 20 ºC. No extra chemical and we did not use any kind of catalyst. After fuel
production finish fuel purification purposed we used RCI fuel purifier like as hydro cyclone system
remove all kind of fuel sediment and water portion. During waste plastic to fuel production period
some portion of light gas are generate its call natural gas. This natural gas carbon chain number C1 to
C4. This nature gas we pass through liquid alkali solution removing contamination and we can reuse
this gas for heating source of waste plastic to fuel production purposed. Solid black coal we are getting
after fuel production period as 4%. This solid black coal has higher Btu value. Produced fuel density is
0.79 g. /ml. Fuel production yield percentage is 92% and light natural gas yield percentage is 4%.
Produced fuel color is light yellow. Whole experiment electricity input for one gallon of fuel
production 13 kWh.
3. RESULTS AND DISCUSSION

Fig. 1: DSC Graph of Produce Fuel
Differential Scanning Calorimeter (DSC) analysis produced fuel result showing fig.1. DSC (Perkin
Elmer) analysis purposed we used carrier gas as Nitrogen (N2) 20 ml per minutes. Temperature
profile setup for fuel analysis 10 ºC to up to 400 ºC and temperature ramping rate 5ºC per minute.
Sample used 50 micro liter and aluminum pan used for sample holding. After sample run we saw the
fuel graph onset temperature 129.51 ºC. Height peak temperature is 152.95 ºC and heat flow Endo up
54.3256 mW. Fuel vaporization enthalpy delta H is 22938.7564 J/g.
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Fig. 2: FT-IR Spectrum of Produced Fuel
Table1: FT-IR Spectrum Functional Group List
Number of
Wave

Wave Number
(cm-1)

Functional
Group

Number of
Wave

Wave Number
(cm-1)

Functional
Group

1

2920.42

C-CH3

10

1630.40

Conjugated

2

2732.37

C-CH3

11

1603.49

Conjugated

3

2670.78

C-CH3

12

1450.08

CH3

4

1872.23

Non-Conjugated

13

1377.60

CH3

5

1817.27

Non-Conjugated

14

1029.56

Acetates

6

1800.98

Non-Conjugated

15

990.76

Secondary
Cyclic Alcohol

7

1744.23

Non-Conjugated

16

911.85

-CH=CH2

8

1718.89

Non-Conjugated

17

695.01

-CH=CH- (cis)

9

1686.82

Conjugated
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Intensity (a.u.)

FT-IR spectrum 100 (Perkin Elmer) used for produced fuel analysis. Sodium Chloride (NaCl) cell is
used for sample holding. NaCl cell thickness is 0.05 mm. Spectrum display range 4000-400 cm-1; scan
number 32, resolution 4 cm-1. From FT-IR spectrum analysis we found some functional group wave
number high range to low range see fig.2 and table 1. FT-IR Spectrum-100 analysis of HDPE-2 and
PS-6 fuel in favor of wave number several types of functional groups are appeared. In accordance with
wave number 2920.42 cm-1, 2732.37 cm-1 and 2670.78 cm-1compound is C-CH3 and wave number
1872.23. cm-1, 1817.27 cm-1, functional compound is Non-Conjugated and wave number 1686.66 cm-1
compound is Conjugated. Then wave number 1450.08 cm-1, 1377.60 cm-1 functional group is CH3
,wave number 1029.56 cm-1, functional group is Acetates, wave number 990.76 cm-1 functional group
is Secondary Cyclic Alcohol, wave number 911.85 cm-1 ,compound is -CH=CH2, and ultimately wave
number 695.01 cm-1,compound is -CH=CH-(trans). Energy value are calculated, using formula is
Energy=hυ, where h=plank constant, υ=frequency of photon and υ=cW, therefore, E=hcW, where
C=the speed of light (3x1010 cm/sec), W=wave number in cm-1. According to equation high wave
number light has more energy than low wave number light such as wave number 2920.42 cm-1 (CCH3), energy, E=6.11X10-20 J, wave number 2911.01 cm-1 (C-CH3) energy, E=5.78X10-20 J, wave
number 1872.23 cm-1 (Non-Conjugated) energy, E =3.61X10-20 J and ultimately wave number 911.85
cm-1 (-CH=CH2) energy, E=1.80x10-20 J. Euclidean Search Hit List: 0.517 F91080
TRICHLOROACETONITRILE, 0.474 F37460 2,5-DIHYDROXYACETOPHENONE, 0.417 F65155
2-METHOXYPHENYLACETONITRILE, 0.393 F65470 3-METHYLACETOPHENONE, 0.300
F65156 3-METHOXYPHENYLACETONITRILE, 0.272 F64700 2-METHOXYACETOPHENONE,
0.254 F89970 P-TOLYLACETONITRILE, 0.250 F22850 4-CHLOROACETOPHENONE, 0.247
F54150 2- HYDROXYACETOPHENONE,
0.247 F24110 ETHYL 4-CHLORO-2CYANOACETOACETATE ( Perkin Elmer FT-IR tutorial library).
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Fig. 3: GC/MS Chromatogram of Produced Fuel
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Table 2: GC/MS Chromatogram Compound list of Produced Fuel
Number of
Peak

Retention Time
(M)

Trace
Mass

Compound

Formula

Molecular
Weight

1

1.64

43

Butane

C4H10

58

2

1.89

42

Cyclopropane, ethyl-

C5H10

70

3

1.93

43

Pentane

C5H12

72

4

2.50

41

1-Hexene

C6H12

84

5

2.58

41

Hexane

C6H14

86

6

3.28

78

Benzene

C6H6

78

7

3.62

41

1-Heptene

C7H14

98

8

3.74

43

Heptane

C7H16

100

9

4.17

83

Cyclohexane, methyl-

C7H14

98

10

4.86

92

Toluene

C7H8

92

11

5.17

41

1-Octene

C8H16

112

12

5.32

43

Octane

C8H18

114

13

6.02

43

2,4-Dimethyl-1-heptene

C9H18

126

14

6.48

106

Ethylbenzene

C8H10

106

15

7.07

103

1,3,7-Octatrien-5-yne

C8H8

104

16

7.56

105

Benzene, 1-ethyl-2methyl-

C9H12

120

17

8.07

91

Benzene, propyl-

C9H12

120

18

8.57

117

α-Methylstyrene

C9H10

118

19

8.64

41

1-Decene

C10H20

140

20

8.79

43

Decane

C10H22

142

21

9.33

117

Benzene, 2-propenyl-

C9H10

118

22

9.81

91

Benzene, butyl-

C10H14

134

23

10.29

41

1-Undecene

C11H22

154

24

10.43

57

Undecane

C11H24

156

25

11.42

91

Benzene, pentyl-

C11H16

148

26

11.84

41

1-Dodecene

C12H24

168

27

11.98

57

Dodecane

C12H26

170

28

12.53

117

Benzene, cyclopentyl-

C11H14

146

29

12.96

91

Benzene, hexyl-

C12H18

162

30

13.31

41

2-Tridecene, (E)-

C13H26

182
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31

13.43

57

Tridecane

C13H28

184

32

13.89

142

Naphthalene, 2-methyl-

C11H10

142

33

14.42

92

Benzene, heptyl-

C13H20

176

34

14.69

41

1-Tetradecene

C14H28

196

35

14.80

57

Tetradecane

C14H30

198

36

15.99

41

1-Pentadecene

C15H30

210

37

16.09

57

Pentadecane

C15H32

212

38

17.22

41

1-Hexadecene

C16H32

224

39

17.31

57

Hexadecane

C16H34

226

40

18.19

92

Benzene, 1,1'- (1,3propanediyl) bis-

C15H16

196

41

18.39

55

8-Heptadecene

C17H34

238

42

18.48

57

Heptadecane

C17H36

240

43

18.93

91

Naphthalene, 1,2,3,4tetrahydro-2-phenyl-

C16H16

208

44

19.57

57

Octadecane

C18H38

254

45

20.55

203

Naphthalene, 1-phenyl-

C16H12

204

46

20.63

57

Nonadecane

C19H40

268

47

21.63

57

Eicosane

C20H42

282

48

22.60

57

Heneicosane

C21H44

296

49

23.53

57

Docosane

C22H46

310

50

24.43

57

Tetracosane

C24H50

338

Perkin Elmer Gas Chromatography and Mass Spectrometer used for produced fuel analysis. Helium
gas is use for sample carrier. Elite capillary column is use for gas chromatography. Program setup for
GC initial temperature is 40 ºC and maximum temperature is 325 ºC. From initial temperature to
maximum temperature reach ramping rate per minute 10 ºC. Initial temperatures hold 1 minute and
final temperature hold for 15 minutes. Samples inject volume 0.5 µL and sample split flow 101.0
mL/min. MS program set up for mass detection 35.00-528.00 EI+. Data format centroid, scan time
0.25 sec and internal scan time 0.15 sec per scan. NIST library is use for chromatogram compound
identification.
Fig.3 and table 2 are shown produced fuel GC/MS analysis results. From GC/MS analysis we found
start compound Butane (C4H10) at retention time 1.64 minutes and molecular weight these compound
58. We used high density polyethylene and polystyrene for this experiment for that reason we got
some aromatic compound also. Because polystyrene has benzene ring compound and high density
polyethylene has straight chain hydrocarbon compound. Aromatic compound are present in this fuel
such as Benzene (C6H6) at retention time 2.38 minutes appear. Toluene (C7H8) at retention time 4.86,
Ethylbenzene (C8H10) at retention time 6.48 minutes, α-Methylstyrene (C9H10) at retention time 8.57
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minutes appear. All aromatic compounds are shown chromatogram at low boiling point range.
Aliphatic compound are start low boiling point to high boiling point C4 to C24. Aliphatic compound
has alkane, alkene and alkyl group compound present in this fuel. Long chain hydrocarbon compound
shown in this chromatogram at retention time 24.43 minute and long chain hydrocarbon compound
name is Tetracosane (C24H50) and molecular weight is 338. This C24H50 compound boiling point is
higher than other compounds.

4. CONCLUSION
Two valuable products are formed from the thermolysis of mixed plastic waste. These are gas and oil.
Depending on the reaction conditions used the products have varying compositions and properties. At
lower thermolysis temperatures a heavy wax is formed. This is comparable in its molecular weight
range, boiling point and functional group composition to an atmospheric residue cut from crude oil;
thus, thermal cracking could be carried out on the wax forming a gasoline type mixture of
hydrocarbons. A lighter, mainly aliphatic wax is also a product of thermolysis at temperatures below
400 °C which again could be commercially cracked to form gasoline. At higher temperatures, the oil
formed is much more aromatic and has a lower boiling point of between 120 and 220 °C. It is similar
to naphtha and could be cracked to form ethene. A hydrocarbon gas is produced at all temperatures
with its concentration increasing at higher temperatures. The results therefore indicate that depending
on the product type required the operating conditions can be changed accordingly. It can also be
inferred that if the temperature was increased to higher than 450 °C then due to increased secondary
reactions, it is possible that the resultant oil would directly resemble gasoline without any further
processing. It is therefore evident, that thermolysis of mixed plastic waste shows a huge potential not
only in dealing with waste reduction but also in producing products which show a real ability to be
adapted for chemical feedstock production.
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